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FOREWORD 
 
The Australian National University is a major centre of research in the 
humanities, fine arts, and the natural, physical and social sciences. A 
comparatively small but research-intensive university, it provides wonderful 
opportunities to introduce undergraduate students to research activity early in 
their university studies. Cross-sections: the Bruce Hall Academic Journal has been 
established to promote academic excellence, to provide a means by which our 
students can experience the process of preparing manuscripts for publication 
and to strengthen links between undergraduate students and ANU academic 
staff.  
 
Bruce Hall has a long-standing tradition of academic distinction of which we 
are very proud. This journal is our latest and most ambitious way of 
celebrating the best work of members of our community. The pieces included 
in the following pages are representative of the breadth of academic 
experience in the Hall as well as the great depth of interest of each author in 
their chosen area of study. We hope the collected works in this volume will 
serve as exemplars for other students in Hall, encouraging them to match the 
authors’ efforts as well as the quality of their resulting manuscripts and 
artworks. 
 
Writing is a vital skill for academics and professionals alike. Moreover, many 
of our students will go on to work in careers in which they will need to 
prepare work for publication. Although undergraduate students will prepare a 
great number of pieces for assessment, comparatively few will experience the 
process of preparing manuscripts or artworks for publication. An essay 
submitted for assessment is returned with comments and a grade and the 
process is generally complete. By contrast, in preparing their work for Cross-
sections the authors have met or corresponded with their reviewers and a sub-
editor on a number of occasions during the past couple of months. Their 
footnotes and references were verified by their sub-editor and each work 
progressed through a number of drafts before it was accepted for publication 
by the journal’s editors. It has been a challenging but enlightening experience 
for all contributors. 

 
All of the editorial and technical staff of the journal are students. In forming 
the journal they have had to define the purpose of the journal, its audience, 
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physical form, and operating expenses. They have developed role descriptions 
for editors, sub-editors, reviewers, authors and technical staff as well as 
processes for submitting, selecting, reviewing, accepting and publishing 
manuscripts and artworks. The quality of the work in the volume was 
paramount. A minority of submitted manuscripts were selected for review, 
and not all of those accepted for review have been published. These are 
complex, challenging tasks and the commitment and teamwork, particularly 
of the editors, has been exceptional. 
 
Academics from a wide range of disciplines have worked with us on this 
project: as reviewers, advisors and mentors. They have gained the satisfaction 
of mentoring a student-author as they bring a piece of writing to maturation 
as well as of contributing to a novel teaching project at the ANU. They have 
been exceptionally generous with their time and we are very grateful for their 
contributions to this volume.  
 
We hope the affirmative experience our students have had of working with 
these very thoughtful mentors encourages them to consider opportunities in 
research at the end of their undergraduate studies. Regardless of the direction 
of their future careers however, we believe the experience they have gained in 
contributing to our journal will be of enormous benefit and we wish them 
every success in future endeavours. 
 

Dr Dierdre Pearce 
Dean of Residents 

Bruce Hall 
The Australian National University 
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EDITORIAL 
 
At many times during the last six months we doubted this day would ever 
arrive, but at last the inaugural Academic Journal is complete! 
 
Our journey began back in March on a day like any other in what is now the 
library – once a simple Packard meeting room – where Dierdre convened the 
first official Journal meeting. That itself was the culmination of a long process 
of deliberation and dialogue. With existing student-run publications already in 
place, such as Ignis Draconis (a monthly online newsletter detailing the day-to-
day events of the Hall) and Uroboros (our yearbook), it seemed a logical step to 
institute a publication that reflected the academic side of the Hall, rather than 
just the social; thus there was much enthusiasm when the idea of a collegial 
academic journal was brought back to Bruce Hall from the 2002 NAUUC 
(National Association of Australian University Colleges) conference. While 
we regret that the students from Bruce Hall who developed the foundations 
of Cross-sections were not able to be involved as editors, we feel honoured to 
have been selected for the inaugural edition and given the opportunity to 
shape its future in a significant way. 
 
The key decisions in setting up and running the Journal took place in lengthy 
meetings between the three of us in the spacious surroundings of Suni’s 
fourth-floor Packard ‘penthouse’, fuelled by our enthusiasm and much instant 
coffee. Bringing together this journal also took on an international dimension, 
with inter-continental reading and discussion of submissions done during our 
respective holidays in Mexico City, Madrid and Parkes. Taking up our 
holidays, weekends and in the last few weeks, almost every waking hour of 
the day, this truly was a full-time job for the three of us.  
 
Yet despite some very stressful periods leading up to publication, the 
experience was incredibly rewarding on many levels. Cross-sections obtained a 
very encouraging response from the Hall: 61 submissions from a college of 
just under 320 students was more than enough to secure the high standard of 
work we were aiming for and reassure us of its continuance in future years! 
Nearly all disciplines were represented in our range of superb submissions, 
accurately reflecting not just Bruce Hall’s academic ability but our academic 
diversity. It is a great achievement for the Hall to have brought something like 
this together, and we are grateful that we could be involved.  
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Also, working together on the Journal has allowed us to develop links with 
academics, expand on our personal communication skills, overcome crushing 
deadlines through our improved time management skills, and last but not 
least, develop our referencing skills to perfection. We strongly encourage any 
residents of Bruce Hall who are considering getting involved in future years! 
We hope that future editorial teams will develop the reputation of our 
fledgling publication to a point where its prominence within the Hall and the 
University will induce others to take up the concept. 
 
We would like to acknowledge that we could not have reached this point 
without the support of many people. There are particular individuals we 
would like to thank: firstly, the Office of the Vice Chancellor, and more 
specifically Dr Brok Glenn, without whose generous offer of financial 
support the journal would never have gotten off the ground; without a doubt 
the academic referees, all of whom took time out from their busy schedules, 
many at short notice, to help us out; also all the other enthusiastic members 
of the university who volunteered their time and wisdom to review essays but 
could not this year; Dr Alastair Greig for the special and insightful guidance 
he gave us; the sub-editors, technical team and proof-readers (Laura Brennan,  
Michael Collins, Kristin Griffiths, Desmond Ko and Dr Glen Walker) for 
sacrificing their time and effort; Lorna Clarke for her work in establishing the 
Journal this year and organising our launch party; all our accommodating 
authors; and to everyone that submitted work this year, thank you for making 
our first attempt of such high quality. And finally, our experience, and the 
final publication, would not have been the same without Dierdre: thank you 
for your tireless efforts in securing funding and academic referees and for 
your ongoing support throughout the entire process. We are deeply grateful. 
 
With the hope that it will lead the way for many more, we present to you the 
very first volume of the Bruce Hall Academic Journal. 

Suni Dixon 
Dan Pascoe 

Cathy Stapylton 
 

The 2005 Editors of Cross-sections 
 
 



 
 
 

THE SINGLE CURRENCY AND THE DRAFT 
CONSTITUTION: A CRISIS FOR EUROPEAN 

COMMONALITY 
 

MATTHEW BESANKO* 
 
 

While the introduction of a European common currency was aimed at improving the 
economic conditions of the European Union member states and the environment for intra-

European trade, it also symbolised a sense of shared commonality. Yet the lukewarm 
reception of the euro by some nations and the failure of several key member states to ratify 
the Draft Constitution represented a major blow to the process of European integration. 

This article discusses the repercussions that these events have had on European commonality 
and integration, thereby questioning the cohesion of the EU. 

 
 
The recent process of monetary unification and the introduction of the Draft 
European Constitution seem emblematic of a growing sense of shared 
European commonality. Yet while the successful adoption of the single 
currency (the euro) throughout most of the European Union (EU) reinforces 
this sense of collective identity, there also exists an underlying sense of 
political resistance towards the European project, as witnessed in the French 
and Dutch referenda. The euro is often referred to as ‘a “currency without a 
state”, or – more precisely – a currency with several states’.1 Its launch, initially 
in 1999, and with currency circulating in 2002, represented a major changing 
point for the future of the EU. The introduction and success of the euro 
symbolises a bond between a common political unity and a sense of shared 
European identity. Yet Britain, Denmark and Sweden’s reluctance to adopt 
the euro, for example, represents a marked difference in their self-perception 
and identity in the face of continental European integration and highlights 
                                                 
* Matthew Besanko is in his fourth year of a Bachelor of Arts/Bachelor of Economics degree 
at the Australian National University and is a former resident of Bruce Hall. 
1 S Hämäläinen, ‘The euro as a monetary, financial, economic and political innovation’, speech delivered at the Sixth 
European Economic and Monetary Union Conference on 25 February 2002, ‘Banking on the euro: Leap of faith or 
act of folly?’, The Royal Institute of International Affairs (Chatham House), London, European Central Bank, 25 
February 2002, viewed 20 September 2005, <http://www.ecb.int/press/key/date/2002/html/sp0202252.en.html>.  
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shortcomings and a sense of euro-scepticism towards the European project. 
More recently, the failure of both France and the Netherlands to ratify the 
European Constitution provides a further setback in achieving any common 
European identity. 
 
A strict definition states that money, or currency, serves three specific 
purposes: it provides ‘a unit of account, a means of exchange and a store of 
value’.2 From this definition arises the basis of the economic argument for 
implementing a common currency in the European single market. Essentially, 
the euro would ‘stop excessive currency fluctuations and protectionist 
pressures which could jeopardise the single market’, as well as eliminate 
transaction costs and lead to increased investment.3 Moreover, it was hoped 
by European bankers that the euro would become the world’s second 
international currency, enhancing the economic importance of the EU as a 
global trading partner.4 
 
Yet currency is linked to more than just sterile economics, and the adoption 
of the euro should be viewed not only from a merely functionalist 
perspective. Historically, money, which existed long before the creation of 
nationhood, provided a sense of commonality and an essential bond within 
communities.5 In a modern context, the stability of the deutschemark in post 
war Germany was associated with a strong sense of nation-building and 
prosperity.6 Currency symbolises a sense of national sovereignty, emphatically 
bound with nationalism and a collective sense of identity. Social identity is 
described as a ‘system of orientation for self-reference, creating and defining 
the individual’s place in society’.7 The introduction of the euro allows 
individuals not only increased economic benefits, but also provides a 
reference point for European societies to ‘perceive that they have something 
in common’, instigating a shared sense of community.8 As Hämäläinen notes, 
 

                                                 
2 ibid.  
3 T Risse et al., To euro or not to euro? The EMU and identity politics in the European Union, EUI Working Paper, RSC no. 
98/9, European University Institute, Florence, 1998, p. 3.  
4 ED Solans, ‘Euro and European integration’, speech delivered at the ‘Euro and Denmark’ exhibition, Aalborg, 
Denmark, 10 September 1999, European Central Bank, viewed 20 September 2005, <http://www.ecb.int/ 
press/key/date/1999/html/sp990910_1.en.html>. 
5 M Billig, Banal nationalism, Sage, London, 1995, pp. 41-42. 
6 Risse et al., p. 30. 
7 Oakes, cited in Risse et al., p. 9. 
8 Anderson, cited in Risse et al., p. 9. 
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… sharing a single currency implies that there is a strong feeling of 
community among all the users of the currency. After all, since the end 
of the gold exchange standard, a currency is only backed by the mutual 
trust placed in it by its users; they know they can exchange it with each 
other for goods and services. A currency is therefore both a strong 
unifying feature in a community and a strong symbol of that 
community.9  

 
Yet while this sense of commonality extended across many of the continental 
members of the EU, the same cannot be said of Britain, which chose to retain 
the pound sterling. While the primary reasons for Britain’s reluctance to adopt 
the euro were economic, resulting in its exit from the European exchange rate 
mechanism in 1992, Britain’s aversion towards the euro could also be 
founded in a long-standing sense of imperialism and British identity within 
the government, which has since twice rejected the adoption of the euro.10 It 
is argued that British association with national symbols, national history and 
national institutions is far stronger than an association with any shared 
European history, symbols and institutions.11 Yet while the heyday of British 
naval power and colonial history are long-gone, the pound sterling remains as 
a strong reminder of this imperial history, despite its devaluation and 
decimalisation.12 As a consequence, a sense of exceptionalism and 
imperialism, as opposed to any notion of collective Europeanism, has become 
the essence of British national identity, symbolised by Britain’s reluctance to 
adopt the common currency.13 
 
Moreover, while the idea of sharing a single currency embodies a shared sense 
of identity, it also changes the dynamic of the nation-state. British rejection of 
the euro implies a sense of rejection towards European common identity. As 
Issing articulates,  
 

The transfer of national currency sovereignty to the European Central 
Bank represents a partial surrender of political sovereignty, which is 

                                                 
9 Hämäläinen. 
10 Risse et al., p. 13. 
11 ibid., p. 15. 
12 ibid., p. 16. 
13 ibid., p. 15. 
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rightly perceived by citizens as marking a deep change in the way in 
which nations consider themselves.14  

 
Thus, the failure of Britain to redefine its national identity in the face of a 
shared sense of European commonality is signified by its unique national 
currency vis-à-vis the euro. The 1992-1993 EU monetary crisis is 
demonstrative of differing ideologies towards the euro and collective 
European identity. While the crisis was perceived by France and Germany as 
further reinforcing the need for increased integration and a common 
European currency, the British government and opposition viewed the crisis, 
and indeed the whole concept of union, with trepidation and reluctance.15 
This represented a marked divergence in British and European ideology and 
common identity.16  
 
The success of the euro, however, represents a sense of commonality within 
the European community as a whole. Issing deliberates as to whether 
monetary union could indeed function without political union; the answer, he 
concludes, is surely that it could not.17 While common European goals and 
objectives existed before the introduction of the euro, member-states’ refusal 
to accept it marked a crisis of European identity and the future direction of 
the European project. Driven by European politicians and monetary experts, 
the inception of the euro represents a top-down process of integration, while 
its successful acceptance, and confidence in the euro by European citizens, 
embodies a bottom-up process of integration.18 This represents and 
reinforces, at a grassroots level, a sense of European common identity and 
belief. What is more, the adoption of a common currency, representing ‘one 
money, one Euregion’, acts as a popular catalyst for further European 
integration, yet creates further anxiety amongst the British, and indeed Danish 
and Swedish, governments.19 
 

                                                 
14 O Issing, ‘European integration at the beginning of the new millennium’, speech delivered at The Bridge Forum 
Dialogue, European Central Bank, 8 February 2000, viewed 20 September 2005, <http://www.ecb.int/press/key/ 
date/2000/html/sp000208.en.html>. 
15 Cameron cited in Risse et al., p. 8. 
16 ibid. 
17 Issing. 
18 W Duisenberg, ‘The euro as a catalyst for European integration’, speech delivered at the ‘One money, one 
Euregional market’ conference, Maastricht, 6 February 2002, European Central Bank, viewed 20 September 2005,  
<http://www.ecb.int/press/key/date/2002/html/sp020206.en.html>. 
19 ibid. 
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According to Hämäläinen the reasonably successful adoption of the euro has 
effected a need to further European integration, leading to the creation of a 
common European Constitution.20 Known as the ‘spill-over thesis’ the 
successful adoption of one measure of integration, in this case the euro, often 
precedes that of further integration in other areas.21 However, unlike the 
success of the euro, the European Constitution has been far less triumphant 
in furthering a shared sense of European commonality and identity. Rather, 
the European Constitution has marked a divide in the future of the European 
project and leaves its future uncertain.22  

Much like the euro, the adoption of the European Constitution will represent 
much more than a simplification in EU laws and the workings of the Union. 
It is symbolic of a loss of control over domestic affairs and a further transfer 
of sovereignty to the EU.23 The European Union Constitution was designed 
with the aim of ‘bring[ing] together for the first time the many treaties and 
agreements on which the EU is based.’ 24 Moreover, ‘[i]t defines the powers of 
the EU, stating where it can and can not act and where the member states 
retain their right of veto. It also defines the role of the EU institutions’.25 
French reluctance to adopt the European Constitution is based primarily on 
apprehensions to do with enlargement of the Union and the future accession 
of Turkey.26 Moreover, France fears that the EU is moving away from the 
socialist ideals which France holds dear, and towards an ‘Anglo-Saxon’ style 
of economics within the single market and European institutions.27 In 
addition to these concerns, the Netherlands also failed to ratify the European 
Constitution fearing that as a smaller nation, it would lose its voice in an 
enlarged, more powerful EU.28  

                                                 
20 Hämäläinen. 
21 ibid. 
22 BBC Action Network Team, ‘European constitution referendum: an Action Network briefing’, British Broadcasting 
Corporation, 17 June 2005, viewed 20 September 2005, <http://www.bbc.co.uk/dna/actionnetwork/A2700956>. 
23 ‘EU constitution: Where member states stand’, British Broadcasting Corporation, 7 July 2005, viewed 20 September 
2005, <http://news.bbc.co.uk/1/hi/world/europe/3954327.stm>. 
24 ‘What the EU constitution says’, British Broadcasting Corporation, 22 June 2004, viewed 20 September 2005, 
<http://news.bbc.co.uk/2/hi/world/europe/2950276.stm>. 
25 ibid. 
26 K Hughes, ‘What “non” means’, British Broadcasting Corporation, 29 May 2005, viewed 20 September 2005, 
<http://news.bbc.co.uk/2/hi/world/europe/4552937.stm>. 
27 ibid. 
28 ‘EU constitution: Where member states stand’. 
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As Hughes notes, the resounding ‘No’ vote by both France and the 
Netherlands ‘plunge[s] the EU into an unprecedented crisis’.29 Its effects are 
significant. Hughes correctly highlights that for the first time in the history of 
the union, two founding members have ‘directly opposed the current process 
of European integration’, which marks a significant blow to the future of 
European integration.30 Unlike the success of the euro, the failed adoption of 
the European Constitution symbolises an inability to ‘bring the European 
Union closer to its publics’ and providing a common umbrella of European 
identity.31 As Reynolds notes, this failure represents a crisis in the direction of 
the EU and highlights ‘that something is rotten in the state of Europe'.32 
Therefore, while the United Kingdom, and indeed Denmark and Sweden, 
rejected the euro on the grounds that it threatened national sovereignty, the 
resonant ‘No’ vote by France and the Netherlands also marks fears of a 
further loss of sovereignty by two ‘core’ Union members. 
 
Indeed, as Duisenberg notes, the creation of a European common currency is 
representative of ‘an “ever closer union” of the peoples of Europe’.33 From a 
mere functionalist approach, the euro presents increased global economic 
advantages and is complementary to the economic union. Yet the adoption of 
a European common currency represents so much more. Currency represents 
‘one of the most powerful symbols of a common identity’34 and acceptance of 
the euro symbolises a convergence of European common goals and values. 
Moreover, the success of the euro has provided motivation for increased 
European political integration which could not have occurred without the 
support and belief in a common European identity by the citizens of the 
European Union. The euro and European identity, thus, are inextricably 
linked, and as Duisenberg states, ‘the marriage in which the euro has joined 
[the European Union] is more than just living under the same roof, it is about 
sharing a common vision about managing life together’.35 Yet Duisenberg’s 
vision is not uncontested. The ratification of European Constitution by 
national parliaments, while designed for more practical integration purposes, 
                                                 
29 Hughes. 
30 ibid. 
31 ibid. 
32 P Reynolds, ‘French “No” vote is a real crisis’, British Broadcasting Corporation, 30 May 2005, viewed 20 September 
2005, <http://news.bbc.co.uk/1/hi/world/europe/4592811.stm>. 
33 W Duisenberg, ‘What are the political consequences of the euro?’ Introductory remarks made at Karlspreis-
Europa-Forum, Aachen, 8 May 2002, European Central Bank, viewed 20 September 2005, <http://www.ecb.int/ 
press/key/date/2002/html/sp020508.en.html>.  
34 ibid. 
35 ibid. 
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would also represent a further fundamental step towards political integration 
and a common identity within the Union. The failure of two keystone states, 
France and the Netherlands, in adopting the Constitution marks a significant 
setback in the process of integration and the creation of a shared sense of 
European identity. Fundamentally, it highlights that European integration is 
beyond the grasp of the European public.36 While Issing questions the 
functionality and validity of a common monetary union without political 
union,37 it is recently evident that shared identity is impossible without it. As 
Reynolds notes about the rejection of the Draft Constitution in France and 
the Netherlands, ‘this is not like Britain saying “No”. That would be a 
problem. This is a crisis’.38  
 

* * * 
 

                                                 
36 S Mulvey, ‘Varied reasons behind Dutch “No”, British Broadcasting Corporation, 1 June 2005, viewed 20 September 
2005, <http://news.bbc.co.uk/1/hi/world/europe/4601731.stm>. 
37 Issing. 
38 Reynolds. 
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HENRI MATISSE’S THE RED STUDIO AND THE 
DEVELOPMENT OF MODERNISM 

 
LORNA CLARKE* 

 
 

Henri Matisse’s paintings are often characterised by their complex relationship with 
Modernism, a movement which both influenced, and was shaped by, his work. In this 

essay, the artist’s 1911 masterpiece The Red Studio is examined and 
deconstructed, with the author coming to the conclusion that the artwork constitutes a 

decisive moment in both the continuums of Matisse’s career and of Modernism.† 
 
 
Henri Matisse’s art highlights the Modernist preoccupation with fantastic 
colour, flattened space and luxurious forms. His forms are balanced against 
cautious and sensuous lines to create an aesthetic which reflects the 
Modernist preoccupation with emotional representation rather than mimesis. 
As seen in The Red Studio (1911), these artistic features generate interior spaces 
which are sanctuaries. Matisse’s focus on interiors reflects his deepest themes: 
conditions of everyday living and the increasingly important role of the artist 
and his studio.1 In this way, Matisse furthered the development of Modernism 
by challenging traditional assumptions about hierarchies which determine 
what is worthy of representation in art. The Red Studio also illustrates how 
shifting discourses transformed the process of art-making from accurate 
representations of life to emotionally loaded brushstrokes with expressionistic 
abstract forms of colour on canvas. The artwork is an indicator of the 
revolutionary transition in modern art from representation to expression. It 
also represents a vital culmination of the modern artist’s progression through 
a variety of nineteenth- and early twentieth-century styles and movements. 
Matisse learnt from the Post- and Neo-Impressionists, led the Fauves, 
influenced the Cubists and inspired the German Expressionists. He also had a 

                                                 
* Lorna Clarke is in her second year of a Bachelor of Arts/Bachelor of Laws degree at the 
Australian National University and is a current resident of Bruce Hall. 
† A reproduction of Henri Matisse’s The Red Studio is provided on page 82 (Colour Plate 8). 
1 L Gowing, Matisse, Oxford University Press, New York, 1979.  
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significant impact upon the work of Abstract Expressionist Mark Rothko. 
Matisse possessed a unique belief in the primacy of colour, line and ‘flatness’, 
and his efforts to challenge the status quo ensured The Red Studio was an 
extremely significant development in art which contributed to the changing 
modernist paradigm.  
 
Matisse’s Modernist techniques have the effect of creating an essential 
harmony between the two-dimensional and the third dimension. By lessening 
spatial depth, altering conventional pictorial space and using ‘plastic space’, a 
flattening sensation occurs in The Red Studio which is thoroughly modern.2 
Absence of spatial depth is evident in the right side of the painting, where the 
grandfather clock, chest of shelves and two chairs are completely flat shapes 
against a backdrop of red. In contrast, the chair and table leg in the 
foreground have a small degree of depth and still maintain the illusion of 
closeness to the viewer. Clement Greenberg records how ‘flatness alone was 
unique and exclusive’ to Modernist art.3 Painters ‘understood the picture 
surface to be primarily a flat piece of canvas covered with areas of paint’.4 
Matisse’s perspective also reflects the artistic parallels which he shared with 
Cubist artists such as Pablo Picasso and Georges Braque. Yet Matisse’s art 
had a fundamentally different focus to many of the Cubists: colour.  
 
It is Matisse’s bold and unnatural manipulation of colour, seen in The Red 
Studio, which is his greatest contribution to Modernist art. Matisse was able to 
gain a greater understanding of how colour heightens and controls 
composition by adopting a range of techniques from various movements. In 
particular Matisse experimented with Divisionism, or Pointillism, in 1899, a 
technique which Paul Signac and Georges Seurat had perfected. It was the use 
of colour which tended to unite many Neo-Impressionists, as well as a 
mystical exploration of nature and quasi-scientific explanations of optical 
techniques. These investigations furthered experimentation with the effect of 
colour and luminosity in art.  
 

                                                 
2 ‘Plastic space’ is characterised by space that takes its fundamental structure from the subject but is not dependent 
upon it. Thus objects become the additional rather than the principle focus, and the subject does not govern pictorial 
illusory space but regulates the positioning of signs to generate meaning to a viewer. 
3 F Frascina, C Harrison & D Paul (eds), Modern art and modernism: A critical anthology, Harper & Row Publishers, 
London, in association with the Open University, London, 1982, p. 6. 
4 S Whitfield, Fauvism, World of Art Series, vol. 2, Thames & Hudson, London, 1991, p. 28. 



Cross-sections: Volume I 2005 

 

12 

Matisse also became the ‘leader’5 of the group of artists who identified with 
the short stylistic trend within the wider Neo-Impressionist movement 
labelled Fauvism. It included artists such as Jean Puy, Andre Derain, Georges 
Braque and Maurice Vlaminck, who exhibited together at the Salon 
d’Automne in 1905, an exhibition that was characterised by the artists’ gallant 
use of hue. Lawrence Gowing writes about how the ‘supremacy that colour 
attained in [Fauvist] pictures was quite new and unparalleled. … [Colour] was 
simply itself, the homogeneous primal substance’,6 adding that ‘[t]he concern 
with bright colour for its own sake … seemed the mainspring of [Matisse’s] 
work’.7 Thus colour takes on a heightened role in Modernism: that of 
registering and expressing emotion. 
 
By reducing his palette and keeping unnecessary lines and shading to a 
minimum in The Red Studio, colour becomes the main structural element of 
the work. With carefully placed vertical and horizontal lines to distinguish the 
floor from the walls, table and his own artwork, red became a ‘continuous 
medium flooding everything’.8 Colour was seen as residing ‘in the nature of 
existence’.9 Matisse ensured that only a small amount of contrasting blue and 
cream was used in The Red Studio because ‘several tones mutually weaken one 
another’.10 The room he painted gave him the sensation and emotion evoked 
by bright red. Red was then placed on the canvas and a relationship formed 
between the red and white paint.11 This use of colour in The Red Studio deeply 
guided the ideas inherent in German expressionism and in the work of Emil 
Nolde, Wassily Kandinsky, Mark Rothko and Franz Marc, who all 
experimented with more specifically abstract forms of colour. 
 
The Red Studio is also extremely significant in the development of Modernism 
because it marks the transition from representation to expression. It remains a 
piece intermediate between these two beliefs about the purpose of art. In 
discussing the aims of his work, Matisse described it as ‘art of balance, of 
purity and serenity devoid of troubling or depressing subject matter’.12 Matisse 
borrowed from Paul Gauguin’s theories of expressionism, rather than 
                                                 
5 Matisse is often referred to as the leader of Fauvism. However, due to the free nature of this movement, this term 
is contested. HW Janson & AF Janson, History of art, 6th edn, Thames & Hudson, London, 2001, p. 771. 
6 Gowing, p. 116. 
7 ibid., p. 121. 
8 ibid., p. 114. 
9 ibid. 
10 Henri Matisse, extracts of his ‘Notes of a painter’ in Janson & Janson, pp. 934-935. 
11 J Guichard-Meili, Matisse, trans. C Moorehead, Thames & Hudson, London, 1967. 
12 Matisse, in Janson & Janson, pp. 934-935. 



Henri Matisse’s The Red Studio and the Development of Modernism – Lorna Clarke 

 

13

painting in the style of mimesis, to maintain a relationship between his 
internal emotions and optical sensations of the external modern world. 
Matisse recorded how the ‘whole arrangement of my picture is expressive’, 
and composition alters itself depending upon the surface it is to cover.13 The 
Red Studio does not record historic events but an interior: in particular the 
artist’s studio and the still life on the table. Thus in a Modernist fashion, the 
subject matter becomes self-referential to the processes and environment in 
which art-making occurs. Clement Greenberg comments that ‘[m]odernism 
used art to call attention to art’14 and modern art was characterised by a 
‘gradual withdrawal of painting from the task of representing reality … in 
favour of an increasing preoccupation with the problems intrinsic to painting 
itself’.15 Thus in this way the work of Matisse, and in particular the large slabs 
of red colour in The Red Studio, forged a new direction for the development of 
modern art. 
 
It is essential to realise the importance of the variety of artistic techniques 
with which Matisse experimented before he achieved the aesthetic seen in The 
Red Studio. Trained by the Symbolist Gustave Moreau, in 1896 Matisse 
adopted the Impressionist’s lighter palette, quick brushstrokes and an interest 
in subjects from modern life. Post-Impressionism and the work of Paul 
Cezanne also deeply affected Matisse, as ‘Matisse understood the manner in 
which Cezanne had unshackled painting from its representational role’.16 
Cezanne’s influence on Matisse was also partly due to the increasingly 
urbanised environment in which they functioned, with rapid technological 
developments in photography, physics and theories of optical perception 
constantly appearing. He thus employed Cezanne’s theory that an artist’s 
shifting perception of the subject should be recorded on canvas, to emphasis 
flattened depth: this can be seen in The Red Studio.17 Despite adopting these 
new practices Matisse persisted in the application of some nineteenth-century 
theories, such as using the natural world as an initial source of inspiration for 
art. Despite this, movements such as Impressionism and Post-Impressionism 
were extremely influential in developing Matisse’s style and Modernist 
aesthetic.  
                                                 
13 ibid., p. 934. 
14 Frascina, Harrison & Paul, p. 6. 
15 M Fried, quoted in F Frascina, N Blake, B Fer, T Garb & C Harrison, Modernity and modernism: French painting in the 
nineteenth century, Yale University Press, New Haven, in association with the Open University, London, 1993, p. 192. 
16 Whitfield, p. 23. 
17 R Benjamin, Matisse’s “Notes of a painter”: Criticism, theory, and context, 1891-1908, UMI Research press, Ann Arbor, 
1987, p. 185. 
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Matisse developed a self-referential and patterned style based on opulent line 
and form due to influences such as the Nabis, Symbolists and new 
international art coming into Europe. Vincent van Gogh’s works assisted 
Matisse in achieving simple yet powerfully sensuous lines, religious blocks of 
colour and a flattening of depth. It is interesting to note that in The Red Studio 
Matisse painted a copy of Van Gogh in his chair in the upper centre of the 
image. Matisse’s technique of painting his own artworks into The Red Studio is 
extremely self-referential and ‘modern’; artists were becoming increasingly 
aware of their own practices, status in society and the role of the studio in 
modern art. The increasing influence of Orientalism and the growth in the 
Arts and Craft movement at this time also exposed Matisse to Japanese 
woodblock prints, African sculptures, and Islamic and Persian Art, which 
particularly appealed due to their reinvention of form and distinctive motifs.18 
Matisse’s experience with the arabesque guided more calculated pattern 
schemes during this period.19 This is apparent in the pattern used on Matisse’s 
plate and the pink canvas on the left in The Red Studio. Thus it was Matisse’s 
adaptation of late nineteenth-century movements and his cultural experiences 
of the early twentieth century which influenced the use of line and form in his 
art.20 
 
The Red Studio is a seminal piece which not only contributed significantly to 
the development of Modernism but reflected Matisse’s interaction with a 
variety of artistic movements and artists. The work specifically exhibits the 
key element which bound the Fauvists and Neo-Impressionists together: 
brilliant colour. Sensuous line, flattened depth and bright colour give the 
work an inbuilt sense of harmony and balance; they also represent an 
expression of emotional outpouring and expose the ways in which the 
Modernist process of art-making was further understood through self-
referential practices. Thus The Red Studio became an indicator of the transition 
between mimesis and expressionism occurring within the development of 
Modernism.  
 

* * * 
 

                                                 
18 Gowing.  
19 ibid., p. 111. 
20 I Schaffner, The essential Henri Matisse, Wonderland Press, Harry N. Adams, New York, 1998, p. 14. 



Henri Matisse’s The Red Studio and the Development of Modernism – Lorna Clarke 

 

15

REFERENCES 
 

Benjamin, R, Matisse’s “Notes of a painter”: Criticism, theory, and context, 1891-1908, UMI 
Research Press, Ann Arbor, 1987. 

 
Frascina, F, N Blake, B Fer, T Garb & C Harrison, Modernity and modernism: French 

painting in the nineteenth century, Yale University Press, New Haven, in association 
with the Open University, London, 1993. 

 
Frascina, F, C Harrison & D Paul (eds), Modern art and modernism: A critical anthology, 

Harper & Row Publishers, London, in association with the Open University, 
London, 1982. 

 
Gowing, L, Matisse, Oxford University Press, New York, 1979. 
 
Guichard-Meili, J, Matisse, trans. C Moorehead, Thames & Hudson, London, 1967. 
 
Janson, HW & AF Janson, History of art, 6th edn, Thames & Hudson, London, 2001. 
 
Schaffner, I, The essential Henri Matisse, Wonderland Press, Harry N. Adams, New 

York, 1998. 
 
Whitfield, S, Fauvism, World of Art Series, vol. 2, Thames & Hudson, London, 1991.  
 

* * * 
 
 
 
 
 
 
 
 
 
 
 



 
 
 

POLITICAL DONATIONS BY COMPANIES: 
A CORPORATE LAW PERSPECTIVE 

 
CAROLINE DUBS∗ 

 
Political donations by companies have taken on an increasingly high profile in recent years, 

and are a source of ongoing controversy within the Australian legal system. This paper 
examines the law regarding such donations from the perspective of shareholders’ rights and 
directors’ duties. A number of models are considered, including the equivalent legislation of 
other jurisdictions, as well as proposals from Australian parliamentary committees. The 
author advocates that political donations by companies should be permitted, provided that 

reform of the Corporations Act force companies to obtain shareholder approval. 
 
 
INTRODUCTION 
 
The following is an examination of the corporate law in Australia with respect 
to political donations by companies. By examining both the situation overseas 
and current suggestions for reform, recommendations shall be made as to 
what Australian corporate law should prescribe with respect to such 
donations. It will be argued that this area of law is somewhat embryonic and 
that legislative reform is necessary. The amendments suggested would help to 
clarify the situation with respect to such donations, as well as assist directors 
to better discharge their corporate governance responsibilities. 
 
THE CURRENT AUSTRALIAN SITUATION 
 
The laws regarding political donations by companies can be broadly grouped 
into two distinct bodies. Electoral laws focus on the propriety of political 
candidates and political parties accepting donations from companies, as well 
as placing limits on amounts that can be received in donations. Such laws 
exist to protect the democratic process. Corporate law, on the other hand, 

                                                 
∗ Caroline Dubs is in her third year of a Bachelor of Commerce/Bachelor of Laws degree at 
the Australian National University and is a current resident of Bruce Hall. 
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addresses the issue of political donations by companies specifically from the 
perspective of shareholders’ rights and directors’ duties. This will be the 
emphasis of this enquiry.  
 
WHAT CONSTITUTES A POLITICAL DONATION? 
 
In addition to political parties, there are numerous organisations and causes 
which justify, at least to some degree, the broad label of ‘political’. These 
include politically aligned think-tanks such as the Australia Institute, and non-
governmental organisations with a strong political agenda such as Greenpeace 
or Amnesty International. It could be argued that donations to such 
organisations are political donations. This paper will focus on donations to 
political parties, however, as it is these which have recently been called into 
question.1 Nonetheless, many of the arguments would also apply to donations 
to the other ‘political’ bodies. 
 
ARE POLITICAL DONATIONS BY COMPANIES PERMITTED? 
 
Australian corporate law is comprised of case law and a number of Acts, the 
most significant of which are the Corporations Act 2001 (Cwlth) (‘Corporations 
Act’) and the Australian Securities and Investments Commission Act 2001 (Cwlth). 
Neither of these areas specifically broach the topic of political donations by 
companies, nor does any other legislation (i.e. election legislation) ban such 
donations.   
 
In the absence of a specific prohibition of political donations by companies, it 
would appear that they are, prima facie, permitted. However, broader 
principles of Australian corporate law place limitations on when they can be 
made. Company funds, which are ultimately shareholders’ funds, can only be 
used where a benefit to the company can be shown to eventuate.2 This is 
premised on the law governing company officers’ duties. Directors and senior 
executives have a duty to act in good faith in the interests of the company.3 
The authorisation of a political donation in circumstances where there is no 
obvious benefit for the company’s shareholders would breach this duty.4 
                                                 
1 For example: I Ramsay, G Stapledon & J Vernon, ‘Political donations by Australian companies’, Federal Law Review, 
vol. 29, no. 2, 2001, pp. 179-221; Parliamentary Joint Committee on Corporations and Financial Services, CLERP 
(Audit Reform and Corporate Disclosure) Bill 2003, Senate Printing Unit, Parliament House, Canberra, 2004.  
2 Hutton v. West Cork Railway Co (1883) 23 Ch D 654 at 671; see also Parke v. Daily News Ltd [1962] Ch 927. 
3 Hutton v. West Cork Railway Co (1883) 23 Ch D 654; Corporations Act 2001 (Cwlth) s. 181. 
4 Ramsay, Stapledon & Vernon, p. 196. 
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Directors and senior executives also have a fiduciary duty to avoid conflicts of 
interest, and a statutory duty not to make improper use of their position.5 
They could breach this if, for example, they received endorsement as a party 
candidate for an election as a result of a political donation by the company.6  
 
WHY DO COMPANIES MAKE POLITICAL DONATIONS? 
 
Of the range of possible motivations for companies to make political 
donations, only profit-maximisation is valid under Australian corporate law. 
Even this poses problems, as it is difficult to determine the real motivation 
for donations.7 Some commentators advocate a corporate social responsibility 
(‘CSR’) view, disclaiming the view of profit-maximisation as necessarily being 
in the company’s best interest. They advocate broader concern for the 
environment and community within which the company exists.8 However, 
Ramsay, Stapledon & Vernon question the possibility of CSR as a valid 
justification for political donations, noting that ‘[a]lthough CSR masquerading 
as “enlightened self interest” could serve to validate a political donation under 
the strict “benefit” test, the more appropriate rationalisation would appear to 
be profit-maximisation’.9 This view – that a corporation’s ultimate aim is 
profit – is adopted in this article. 
 
Companies making donations ‘may expect to receive a sympathetic hearing 
on issues affecting them … and would hope for favourable treatment [from 
politicians]’.10 It is often difficult to discern whether such ‘benefits’ are real, 
not least because the elected officials involved are likely to be unwilling to 
admit that favours and discretionary treatment can be bought. Furthermore, 
some ‘benefits’ may well contravene other legislation.11  
 

                                                 
5 For example: Keech v. Sandford (1726) Sel Cas Ch 61; Furs Ltd v. Tomkies (1936) 54 CLR 583; Corporations Act 2001 
(Cwlth) ss. 182, 183; cited in Ramsay, Stapledon & Vernon, p. 189. See also disclosure requirements and provisions 
for voting where a board member has a material personal interest in a proposed political donation by the company: 
Corporations Act 2001 (Cwlth) ss. 191, 195. 
6  Ramsay, Stapledon & Vernon, p. 189. 
7 ibid., p. 193. 
8 For example: S Wheeler, ‘Inclusive communities and dialogical stakeholders: A methodology for an authentic 
corporate citizenship’, Australian Journal of Corporate Law, vol. 9, no. 1, 1998, pp. 1-20; J McConvill and M Joy, ‘The 
interaction of directors’ duties and sustainable development in Australia: Setting off on the uncharted road’, Melbourne 
University Law Review, vol. 27, no. 1, 2003, pp. 116-138; R Sarre, ‘Responding to corporate collapses: Is there a role for 
corporate social responsibility?’, Deakin Law Review, vol. 7, no. 1, 2002, pp. 1-20. 
9  Ramsay, Stapledon & Vernon, p. 191. 
10 ibid., p. 181. 
11 ibid., p. 193. 
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Supporting a political party which promises lower company taxes,12 or making 
donations because ‘[the company sees] a democracy with a pluralist base as 
being an essential ingredient for a stable economy and policies that lead to 
economic growth’,13 are even more questionable practices. The benefit the 
donations provide, if any, is diluted and non-specific.   
 
Clearly, it is often very difficult to demonstrate a definite benefit to the 
company as a result of a political donation,14 and this problem provides a 
compelling reason for amending the Corporations Act to require specific 
shareholder approval of political donations. This is particularly so because 
shareholders have limited avenues of redress, especially after the fact.15 
Reform suggestions are examined in the following section. 
 
ARE THERE ANY FURTHER DISCLOSURE REQUIREMENTS UPON COMPANIES? 
 
Information about sources and value of donations over $1500 received by 
political parties is obtainable from the Australian Electoral Commission.16 
Currently, however, there is no legal requirement upon companies to disclose 
the recipients and size of political donations in annual reports, nor is there a 
requirement to publish or seek shareholder approval for their political 
donations policy. While some companies already voluntarily disclose their 
policy, for example Lend Lease and Fosters,17 this is another area in which 
simple reforms to the Corporations Act could still serve to increase transparency 
and accountability. 
 
WHY IS THERE A CALL FOR REGULATION? 
 
The question of the regulation of political donations by companies is not a 
purely academic one. Companies regularly make donations to political parties, 
and many have done so for a number of years. While it is difficult to obtain 
estimates of the total value of donations made by companies, figures 
                                                 
12 ibid., p. 192. 
13 ‘Corporate funding for political parties’, on The National Interest, radio program, ABC Radio National, Melbourne, 
25 June 2000. 
14  Ramsay, Stapledon & Vernon, p. 207. 
15 ibid., p. 183. 
16 Commonwealth Electoral Act 1918 (Cwlth) s. 305B. 
17 Lend Lease Corporation, 2004 Annual Report to Shareholders, Lend Lease, 2004, viewed 25 September 2005, p. 35, 
<http://www.lendlease.com/llweb/llc/main.nsf/images/pdf_2004annualreport.pdf/$file/pdf_2004annualreport.pd
f>; Foster’s Group Limited, Political Donations and Activities Policy, Foster’s Group, 2004, viewed 25 September 2005, 
<http://www.fosters.com.au/about/docs/PoliticalDonationsPolicy.pdf>. 
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pertaining to individual companies highlight the financial significance of these 
donations. The Australian Electoral Commission reports that in the 2003/04 
financial year, ANZ Banking Group Ltd donated at least $245 000 to various 
political parties.18 In the same period, Coles Myer Ltd donated over $240 
000.19 Numerous other companies also make significant political donations.20 
The issue of further regulation of political donations by companies is 
therefore both pertinent and contentious.  
 
THE CURRENT OVERSEAS SITUATION 
 
UNITED KINGDOM (‘UK’) 
 
The Companies Act 1985 (UK) has been amended so that companies 
incorporated in the United Kingdom must generally obtain shareholder 
authorisation for a donation policy prior to making a donation to registered 
parties and political organisations, domestically or within the European Union 
(‘EU’).21 Approval for the donation policy must be passed by resolution in a 
general meeting of the company every four years.22 Prior shareholder consent 
is not required for total donations to EU political organisations under £5 000 
in a given 12 month period.23 
 
The Act also requires companies to provide information relating to political 
donations and expenditure in the directors' report, with separate disclosure 
regimes for donations within the UK/EU area and those given to political 
organisations in the rest of the world.24 
 
 

                                                 
18 Australian Electoral Commission, AEC Funding and Disclosure – Donor Record: ANZ Banking Group Ltd, Australian 
Electoral Commission, 2004, viewed 25 September 2005, <http://fadar.aec.gov.au/arwDonor.asp?SubmissionID= 
6&ClientID=24230>. 
19 Australian Electoral Commission, AEC Funding and Disclosure – Donor Record: Coles Myer Ltd, Australian Electoral 
Commission, 2004, viewed 25 September 2005, <http://fadar.aec.gov.au/arwDonor.asp?Submission 
ID=6&ClientID=3910>. 
20 See, for example, A Murray, CLERP 9 Minority Report: Australian Democrats, Senator Andrew Murray, 2004, viewed 
25 September 2005, p. 223, <http://www.andrewmurray.democrats.org.au/documents/334/d02.pdf>. 
21 Companies Act 1985 (UK) c. 6, s. 347C(1)-(4), as amended by the Political Parties, Elections and Referendums Act 
2000 (UK) c. 41, s. 139.  
22 Companies Act 1985 (UK) c. 6, s. 347C(2)-(3), as amended by the Political Parties, Elections and Referendums Act 
2000 (UK) c. 41, s. 139. 
23 Companies Act 1985 (UK) c. 6, s. 347B(4)– (7), as amended by the Political Parties, Elections and Referendums 
Act 2000 (UK) c. 41, s. 139. 
24 Companies Act 1985 (UK) c. 6, Schedule 7, Part 1, as amended by the Political Parties, Elections and Referendums 
Act 2000 (UK) c. 41, s. 140. 
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INDIA 
 
A 1985 amendment to the Companies Act 1956 (India) once again allowed 
political donations by companies, which had been prohibited since 1969.25 
Donations are subject to approval by board resolution and they must be 
disclosed in the profit and loss account.  Interestingly, there is an annual 
donation ceiling of five per cent of average net profit over the previous three 
years.26 
 
UNITED STATES (‘US’) AND CANADA 
 
US law positively prohibits corporations from making donations in 
connection with US elections,27 while under Canadian law only individuals are 
authorised to make donations to political parties.28 These two reforms have 
similar operational faults, brought about by the fact that the provisions are 
found in their respective Electoral Acts rather than their company law 
regimes. The reforms were clearly premised on protecting the democratic 
process domestically; however they seemingly do nothing to prevent US and 
Canadian companies from donating to overseas political parties in 
jurisdictions whose electoral laws do not prohibit receiving donations from 
companies. As such, the interests (and equity) of shareholders are not fully 
protected. 
 
REFORM SUGGESTIONS 
 
Among the more drastic reforms suggested in Australia are those championed 
by Greens Senator, Bob Brown. He advocates the prohibition of corporate 
donations directly to political parties, and the diversion of the funds into a 
‘Democracy Trust Fund’ to be distributed to the political parties according to 
their relative electoral success.29 However, other commentators argue that it is 
‘illiberal and ineffective to prevent company donations [to political parties]’.30 
Prohibiting political donations is likely to simply lead to donations being 
                                                 
25 Companies (Amendment) Act 1985 (India); Companies (Amendment) Act 1969 (India). 
26 Companies Act 1956 (India), s. 293A. 
27 Federal Election Campaign Act, 2 USC, ss. 441b(a) (1971). 
28 Canada Election Act, SC 2000, c. 9, s. 404(1). 
29 B Brown, ‘Greens call for clamp on corporate donations’, Press Release, Senator Bob Brown, 2 February 2001, 
viewed 15 September 2005, <http://www.bobbrown.org.au/600_media_sub.php?deptItemID=258>. 
30 E Dell, Company donations to political parties: A suggested code of practice, cited in Ramsay, Stapledon & Vernon, p. 182. 
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made ‘under the table’, further preventing shareholders from controlling how 
their funds are spent.  
 
The Parliamentary Joint Committee considering the proposed CLERP 9 
reforms endorsed the widely supported amendment to the Corporations Act 
requiring listed companies to publish their policy on political donations, as 
well as details of donations made, in their annual report.31 They nonetheless 
stopped short of recommending a requirement for authorisation by 
shareholders, having been swayed by arguments that such measures were 
unnecessary and impractical, and that the issue of political donations was a 
matter properly left to the discretion of the board and senior management.32  
 
I would argue, however, that the benefits obtained from political donations 
will often be extremely hard to gauge, and thus the decision to make 
donations is not of the same type as that normally made by the board and 
management.33 I therefore agree with Senator Andrew Murray and the Political 
Donations by Australian Companies Report (‘PDAC Report’) that this uncertainty, 
coupled with limited rights of recourse available to shareholders, justifies a 
statutory requirement for prior shareholder approval.34  
 
THE WAY FORWARD FOR AUSTRALIAN CORPORATE LAW 
 
The current lack of guidance on the issue of political donations by companies 
is undesirable and out of step with similar legal systems overseas. The 
legislative reform options available include: 

1) prohibiting political donations by companies;  
2) specifically allowing political donations by companies, with no 

conditions other than those imposed by other legislation such as 
the Commonwealth Electoral Act 1918 (Cwlth); 

                                                 
31 Parliamentary Joint Committee on Corporations and Financial Services, CLERP, at 10.10; See also A Murray, p. 
225; Australian Shareholders’ Association Ltd, ‘Political Donations’, Policy Statement, Australian Shareholders’ 
Association, 4 May 2004, viewed 25 September 2005 <http://www.asa.asn.au/PolicyStatements/ 
PoliticalDonationsPolicy.pdf>; T Sheehy, Response to CLERP (Audit Reform & Corporate Disclosure) Bill 2003, Chartered 
Secretaries Australia Ltd, 2004, viewed 25 September 2005, p. 3, <http://www.csaust.com/pdf/PJC_CLERP_ 
Bill_Response16.04.04.pdf>. 
32 Parliamentary Joint Committee on Corporations and Financial Services, CLERP, at 10.6-10.9; T Sheehy, p. 3. 
33  Ramsay, Stapledon & Vernon, p. 207. 
34 A Murray, p. 225; ibid. 
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3) specifically allowing political donations by companies if they can be 
shown to be either in accordance with a pre-published policy, or if 
they are ratified by shareholders; or 

4) as above in 3, with a provision that donations below a certain 
amount need not be authorised or made in accordance with the 
policy.  

Regardless of the option chosen, the Corporations Act should be amended to 
require companies to increase accountability and transparency by publishing 
relevant donation information in the annual report, including the amounts 
and the recipients. 
 
Option 4 is the preferable model for Australia. Unlike option 1, it will not be 
plagued by the problems likely to result from prohibiting donations. The 
specific approval it insists upon has also been shown, above, to be preferable 
to simply allowing company management and the board to make donations 
which they believe to be of benefit to shareholders (option 2). Lastly, option 4 
is preferable to option 3 as it takes into account issues of materiality, as well 
as practicality, by allowing companies ‘free reign’ if their total political 
donations in a financial year (for example) are below a certain threshold, in a 
similar manner to the British legislation. It may be appropriate to borrow 
from the Indian legislation, and institute a threshold that is related to a 
percentage of the company’s average net profit levels.35 Unlike the Indian 
legislation, however, this threshold would relate to a disclosure, rather than 
donation ceiling. Option 4 comes highly recommended: it is similar to the 
model proposed by the Democrats and endorsed by the PDAC report, and is 
a hybrid of the British and Indian systems.  
 
At this point it may be worth addressing an inherent problem with 
shareholder ratification. Under the Corporations Act, the voting in polls at 
general meetings is on a ‘one share, one vote’ basis.36 This means that the 
result of shareholder ratification of political donations will, at best, represent 
the will of the shareholders weighted according to number of shares held, 
rather than the will of the majority of shareholders. Proxy and voluntary 
voting further call into question the apparent democratic nature of 

                                                 
35 This can be contrasted with the British system of a set limit, regardless of profit, which demonstrates a general 
concern with donations, rather than one based on a level of materiality: Department of Trade and Industry, Political 
donations by companies: A consultative document, URN 99/757, 1999, viewed 25 September 2005, 
<http://www.dti.gov.uk/cld/donation.pdf?pubpdfdload=99%2F757>, s. 1.2. 
36 Corporations Act 2001 (Cwlth) s. 250E(1)(b). 



Cross-sections: Volume I 2005 

 

24 

shareholder ratification. Indeed, the issue of proxy voting has been the 
subject of numerous submissions to, and recommendations by, the 
Parliamentary Joint Committee on Corporations and Financial Services.37 
Ultimately, however, shareholder ratification on a majority of voting shares 
basis appears to be the fairest workable method.  
 
CONCLUSION 
 
There is no ‘one size fits all’ answer to the question of political donations by 
companies, as evidenced by the variety of different approaches taken 
overseas. There is, however, a trend towards codifying and clarifying the 
relevant laws, something that Australia has thus far failed to do. As Australian 
corporate law currently stands, there is no explicit provision for, or 
prohibition of, political donations by companies. Broader principles of 
corporate law indicate that political donations can be made by companies, as 
long as they provide a benefit to the company.  
 
Given the experience in foreign jurisdictions, as well as reform suggestions 
made in the current Australian debate, the Corporations Act should be amended 
to include a statutory requirement for shareholder approval prior to a 
company making political donations or donating in accordance with a 
donation policy. An exception to these requirements would be allowed where 
a company’s total annual political donations are below a legislated materiality 
threshold. The disclosure rules within the Corporations Act should also be 
amended to require disclosure in the annual report of details of recipients and 
amounts of all political donations made in the relevant financial year. These 
amendments will clarify the situation with respect to such donations, as well 
as assist directors to better discharge their corporate governance 
responsibilities. 
 

* * * 
 

                                                 
37 Parliamentary Joint Committee on Corporations and Financial Services, Inquiry into the exposure draft of the 
Corporations Amendment Bill (No 2), Senate Printing Unit, Parliament House, Canberra, 2005, pp. 14-19.  
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VIRTUE OR VICE? EXPLORING THE ROLE OF PROPERTY 
IN THE WORKS OF LOCKE AND ROUSSEAU 

 
ANDREW HAYLLAR* 

 
 

A foundational concept of capitalist society which is well-defined today, the notion of property 
was once a vastly controversial topic of debate amongst political theorists. This paper seeks to 

compare and contrast conceptions of the role of property as articulated in John Locke’s 
Second Treatise and Jean-Jacques Rousseau’s Second Discourse. Focusing on their 

highly dissimilar portraits of man in the state of nature, it argues that the theorists’ 
conceptions of natural man have directly produced their equally disparate envisionings of 

property.† 
 
 
A vast field divides the conceptions of property postulated in John Locke’s 
Second Treatise and Jean-Jacques Rousseau’s Second Discourse, a field upon which 
the two share very little common ground. Whereas Locke considered the 
assurance of one’s private property through the institution of government to 
be a highly favourable marriage1 between natural and civil law, Rousseau 
viewed this phenomenon as the deeply regrettable funeral of humankind’s 
superior former mode of living. While property provided a direct source of 
material abundance and moral development for Locke, for Rousseau it 
signified the final transition from a world where virtue and contentment 
prevailed into one dominated by vice, corruption and cupidity.2 By comparing 
and contrasting the role of property within the philosophies of Locke and 
                                                 
* Andrew Hayllar is in his Honours year of a Bachelor of Arts degree at the Australian 
National University and a current resident of Bruce Hall. 
† This essay was written while on exchange at the University of California, Berkeley. 
1 My use of the metaphor of marriage is appropriate to the analysis of Locke given both his belief in the innate 
sociability of humans and his puritan Christian beliefs. In contrast, to employ such a metaphor in reference to 
Rousseau would be vastly inappropriate considering his belief that ‘the moral sentiment is an artificial sentiment born 
of the usage of society’. Jean-Jacques Rousseau, ‘On the origin and foundations of inequality among men’ in The first 
and second discourses, trans. R & J Masters, ed. R Masters, St. Martin’s Press, New York, 1964, p. 135. 
2 Despite Rousseau’s apparent abhorrence of private property articulated in The Second Discourse, in The Social Contract 
Rousseau refers to private property as a right more sacred than liberty itself. See Rousseau, Social contract and discourses, 
Everyman’s Library no. 660, trans. GDH Cole, ed. & rev. JH Brumfitt and JC Hall, JM Dent & Sons Ltd., London, 
1973, p. 138. 
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Rousseau, this essay will argue that the highly divergent opinions of these two 
theorists are rooted in the grossly dissimilar accounts each provide regarding 
the state of nature. In a comment that surely applies to Locke, Rousseau 
himself illustrates their divergent conceptualisation of the state of nature, 
claiming ‘the philosophers who have examined the foundations of society 
have all felt the necessity of going back to the state of nature, but none of 
them has reached it… they spoke about savage man and they described civil 
man’.3 Thus, by exploring the character of Rousseau’s natural man in 
comparison with Locke’s civil man, this essay will elucidate how these 
different foundations have affected each theorist’s conception of private 
property.  
 
As Rousseau’s assertion that ‘[t]he first person who, having fenced off a plot 
of ground, took it into his head to say this is mine [emphasis in original] and 
found people simple enough to believe him was the true founder of civil 
society’4 explicitly illustrates, the moment in time when the notion of private 
property was first honoured by humankind represented the moment that led 
to the formation of government. For Rousseau, this critical moment 
represented the final movement away from the state of nature and the 
foundational ‘point in the emergence of civil society’.5 Progressively eroding 
up until this point, human existence prior to the establishment of property 
was perceived by Rousseau as immensely preferable to that which ensued. 
The pure state of nature, for example, Rousseau characterised as blissfully 
healthy, amoral, and conducted only toward achieving the goal of satisfying 
the basic needs for subsistence. Rousseau also discusses human development 
in the less primitive state following this initial stage, where people no longer 
live independently in the forest, but have gradually formed familial groups 
and made elementary cultural and scientific advancements. It is this later stage 
of the state of nature that Rousseau considered the most appropriate, though 
he openly acknowledged that this period was one that also witnessed a 
concurrent corruption of humanity.6 Immediately following the establishment 
of property and the corresponding growth of government, the complexity of 
the ideas of justice, morality, reputation and concern for appearances grew in 
direct proportion with the decline in human happiness, virtue, and sincerity. 
                                                 
3 Rousseau, The first and second discourses, p. 102. 
4 ibid., p. 141.  
5 R Wokler, Rousseau: A very short introduction, Oxford University Press, 2001, p. 51. 
6 Particularly during the period immediately preceding the establishment of property, Rousseau acknowledged that an 
immense gulf existed between present human behaviour and his somewhat idealised pure state of nature, evinced in 
events such as the creation of family, language, arts, crafts, agriculture, metallurgy, sociability and so forth.       
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Civilisation, for Rousseau, was tantamount to ‘self-domestification’, and 
represented the limitation and negation of the former superior mode of living. 
Property then, as the catalyst for civilisation and government, was the root 
cause of the degeneration of the human condition, the final fence enclosing 
true human freedom.   
 
In stark contrast, Locke regarded property as an intrinsically positive 
contributor to the moral and material gains of human kind. Indeed, for Locke 
it was because of property that English day-labourers were better fed, housed 
and clad than the ‘kings’ in the large and fruitful territories of the Americas.7 

Property, gained through labour, was the method by which wealth could be 
increased: a wealth that Locke believed unquestioningly benefited human 
existence. People were obliged to work the land because ‘God gave the world 
to men in common8 … for their benefit, and the greatest Conveniences they 
were capable to draw from it, [and] it cannot be supposed he meant it should 
always remain common and uncultivated’.9 For Locke, any land simply left to 
nature could be considered wasted land, with a value only slightly greater than 
nothing.10 The process of acquiring private property was ostensibly very 
simple: one merely had to invest labour into a patch of land for it to become 
one’s own. As people owned their own labour, Locke held that if one 
invested one’s labour into something for the purpose of improving it,11 then 
the result would logically be ownership. Man was thus obligated and justified 
by God to work and acquire land, land that would result in the benefit of 
humans at large. 
 
As these brief illustrations demonstrate, Locke and Rousseau advocate almost 
completely polar theses regarding property. Aside from their mutual belief 
that property leads to civil government,12 the two were opposed on virtually 
all other components of the debate. Firstly, whereas Locke justifies 
teleologically the right of humans to institute private ownership of property, 

                                                 
7 John Locke, ‘The second treatise of government’ in Two treatises of government, Student Edition, Cambridge Texts in 
the History of Political Thought series, ed. P Laslett, Cambridge University Press, 1988, s. 41. 
8 This section of Locke’s passage is a direct reference to the biblical passage in Psalms 115:16, God ‘has given the earth to 
the Children of Men, given it to mankind in common’. 
9 Locke, s. 34. 
10 ibid. 
11 Locke at no point addresses the question of whether one gains ownership of something if one invests labour in 
destroying it. For example, if I use my labour to destroy my neighbour’s house, do I then own what is left of that 
house? 
12 Though Locke believed that government existed to protect private property, he also believed that private property 
could exist in the state of nature.  
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Rousseau’s thesis not only questions this right (and repeatedly laments the 
outcomes of its assumption), but his account of property does not have 
religious foundations. Secondly, while Locke dedicates a significant portion of 
his argument to what constitutes ownership of private property, Rousseau 
almost completely disregards the manner in which property title can be 
achieved. Rousseau is far more preoccupied with establishing that there is no 
evidence for the legitimate ownership of private property.13 Finally, Locke 
views material wealth as intrinsically positive, while Rousseau considers the 
growth of wealth to be in direct correlation with human vanity and 
unhappiness. Rousseau and Locke’s vastly different accounts of the state of 
nature can almost exclusively account for these chronic divergences in theory, 
as the remainder of this essay will demonstrate.  
 
Rousseau’s crucial contribution to knowledge regarding the state of nature 
was to approach the notion with near-scientific rigour.14 By exploring the state 
of nature in a serious biological context, Rousseau was led to believe that all 
previous conclusions made by theorists failed to reach far enough back, 
resulting in hypotheses based not on the behaviour of natural man, but 
socialised man: man who had already been taught the constructed binary 
notions such as good and evil, right and wrong, justice and injustice, mine and 
yours. Accordingly, when Rousseau stripped back the state of nature to its 
essential form, he deduced that to consider rationality a human faculty within 
this state was utter folly. As rationality required thought, and thought required 
language (a language that was undeveloped - a virtual faculty), in the state of 
nature rationality would have been ‘literally unthinkable’.15 Indeed, because 
the notion of private property required such an extensive repertoire of 
learned concepts, Rousseau believed it preposterous to suggest that man 
immersed in the earliest stages of the state of nature could have possibly 
developed it. 
 
In contrast, the state of nature constituted something almost entirely different 
for Locke, resembling what Rousseau would have considered civil society in 
its infancy. While Rousseau explicitly excluded reason from the faculties of 
natural man, Locke’s (and Hobbes’ before him) conception of natural man 

                                                 
13 As Wokler has observed, the notion that property is theft owes much to Rousseau. See Wokler, p. 52.  
14 Many of Rousseau’s hypotheses regarding the state of nature were in fact drawn from the Comte de Buffon’s 
seminal text Natural History. See J Miller in Rousseau, Discourse on the origin of inequality, trans. DA Cress, Hackett 
Publishing Co., Indianapolis, 1992, introduction by J Miller, p. ix. 
15 A Ryan, Property and political theory, Blackwell Publishing Ltd., Oxford, 1984, p. 58. 
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was explicitly based on the assumption that such a man was imbued with an 
active capacity for rational thought. Locke elaborates this belief in his 
declaration that ‘the State of Nature has a Law of Nature to Govern it, which 
obliges everyone: And Reason … is that Law’.16 With the ability to rationalise 
that the cultivation of private property both benefited themselves and 
satisfied the wishes of God, Locke believed that man in the state of nature 
initiated civil government for the purpose of securing the sanctity of this 
property.17 The notion that ‘the preservation of property [is] the end of 
government’18 is the central theme of all of Locke’s writing, yet it is also 
where Rousseau implicitly claims there to be a central paradox in Locke’s 
work. 
   
Given the fact that property signified the commencement of civil society for 
Rousseau, it follows that one could not rationally assert that property 
antedates society. Yet committing this proleptic crime is precisely what 
Rousseau believed Locke to be guilty of when he asserted that government 
was enacted to ensure the protection of private property. How could private 
property exist before government if legitimacy in respect of private property 
is unachievable without government?19 Locke’s definition of the state of 
nature reveals itself here to be within the bounds of Rousseau’s civilised state, 
a state in which rationality had become the guiding ideology of human 
interaction.  
 
Rousseau did not only consider Locke’s notion of property in the state of 
nature oxymoronic, he was also deeply opposed to Locke’s belief that natural 
man was a sociable creature. Rousseau contended that humans in the pure 
state of nature were entirely solitary, impelled only by their individual needs 
and procreating only opportunistically during chance encounters with the 
opposite sex. Indeed, Rousseau considered it highly probable that a man in 
the state of nature would scarcely have the capacity to recognise his own 
child, should their paths happen to cross (an event he also considered 
                                                 
16 Locke, s. 138. 
17 It is worth noting that Locke did not conceive of the state of nature as a period in human development without a 
history of its own. Indeed, toward the end of his Second Treatise, Locke dedicates a significant proportion of text to 
elucidating his understanding of human evolution and development in the state of nature. Furthermore, Locke 
believed that property did exist within this period of human development, but only after the invention of 
government and civil law could it be properly protected.   
18 Locke, s. 138. 
19 Though Rousseau considered Locke wrong in assuming that property could exist prior to government, we have 
seen that a presiding thesis in Locke’s entire corpus of texts was that property could arise independently of 
government. 
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unlikely).20 However, in line with his religious conviction, for Locke society 
was not an artificial invention, as sociability was a human characteristic even 
in the state of nature. If social interaction is natural, and so is the right to 
private property, then government exists only for the purpose of enforcing 
the laws of nature. As Locke synthesises, ‘I easily grant, that Civil Government 
[emphasis in original] is the proper Remedy for the Inconveniences of the 
State of Nature’.21 While both Locke and Rousseau viewed government as an 
artificial product, for Rousseau human nature as it was found immediately 
before the institution of government was also artificial, whereas Locke treats 
it as natural. 
 
Although I have demonstrated that the stark variations between Locke and 
Rousseau’s accounts of the state of nature are directly responsible for their 
dissimilar accounts of property, it is worth noting that their relative accounts 
also arise from largely pragmatic social factors affecting each author at the 
time of their writing. Locke’s account of private property can be in large part 
attributed to his attempt to defend personal property from the annexations of 
Charles II, who demonstrated a desire in this direction. In his Second Treatise, 
Locke affirms this, arguing that:  
 

[a]bsolute arbitrary power, or governing without settled standing laws, 
can neither of them consist with the ends of society and government, 
which men would not quit the freedom of the state of Nature for, and 
tie themselves up under, were it not to preserve their lives, liberties, and 
fortunes, and by stated rules of right and property to secure their peace 
and quiet. It cannot be supposed that they should intend, had they a 
power so to do, to give any one or more an absolute arbitrary power 
over their persons and estates, and put a force into the magistrate's 
hand to execute his unlimited will arbitrarily upon them; this were to 
put themselves into a worse condition than the state of Nature…22  

 
 
Conversely, Rousseau had no such motivation to defend the right to private 
property, and was impelled more by the scholastic quest of disproving the 

                                                 
20 Rousseau notes that in the later stages of the state of nature humans were compelled by natural catastrophes to live 
in small groups.  
21 Locke, s. 137. 
22 ibid. 
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theories of his predecessors and advocating the secularisation of politics.23 In 
direct criticism of Locke, Rousseau was convinced that ‘ “ourselves” are not 
given to us by God, nor fixed by nature, but are constructed by society’.24 In 
this respect, the discourses of Rousseau and Locke can both be considered 
synchronous with the temper of their time, responding and capturing the 
essence of their relative temporal contexts. A vast field certainly does separate 
their opinions regarding property, yet both were drawn to this field by the 
shared desire to influence and configure their civil societies in the manner 
they each believed appropriate to their own current conditions. 
 

* * * 
 

 

                                                 
23 Despite Rousseau’s overt anti-clericalism, it has been argued that his Second Discourse in fact bears certain parallels 
with the fall of Adam - a singular act (similar to fencing off a plot of ground) resulting in the ultimate decline of 
human kind.  
24 Ryan, p. 50. 
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A CONTEXTUALIST APPROACH TO CHILD LABOUR 
 

TIMOTHY IVINS* 
 
 

The role of child labour has seen increased coverage in Western society in recent times. This 
media exposure has resulted in a drive for many multinational companies to implement 

universalist human resource policies regarding the use of child labour in their supply chain. 
This essay argues for the consideration of the needs of other stakeholders, namely child 
labourers in developing countries themselves, and therefore recommends a contextualist 

approach to the issue, outlining circumstances where the use of child labour is acceptable for 
multinational corporations. 

 
 
The International Labour Organization (ILO) estimates that in the global 
economy 211 million children between the ages of 5 and 14 work.1 This 
stands in stark contrast to the belief of many Westerners that child labour is 
an abomination, much of which interrupts the physical and mental 
development of children.2 Given the influence that pressure groups and 
consumer choices can have on a company’s performance, it is important that 
multinational companies (MNCs) recognise the problem of child labour and 
its potentially negative impact on the MNC’s bottom line, as well as the 
detrimental effects of universalist policies on children’s wellbeing. 
 
Who is deemed to be a child when considering work? The ILO’s 138th 
convention defines a child as someone under the age of 15 in developed 
countries, and 14 in developing countries.3 Despite this, in 1970 the ILO 
concluded that minimum-age restrictions are not in the best interest of 

                                                 
* Tim Ivins is in his third year of a Bachelor of Commerce degree at the Australian National 
University and is a current resident of Bruce Hall. 
1 International Programme on the Elimination of Child Labour and the Statistical Information & Monitoring 
Programme on Child Labour, Every child counts: New global estimates on child labour, International Labour Office, Geneva, 
2002, p. 15, viewed online 5 October 2005, <http://www.ilo.org/public/english/standards/ipec/simpoc/others/ 
globalest.pdf>. These estimates refer to the year 2000. 
2 SL Bachman, ‘The political economy of child labor and its impacts on international business,’ Business Economics, vol. 
35, no. 3, 2000, pp. 30-41 at p. 33. 
3 ibid., p. 32. 
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children.4 The difficulty of minimum age was highlighted by White who 
found that ‘[w]here few births are formally registered it is common for people 
not to know their exact calendar age’.5 This complicates matters for the 
human resource (HR) manager and can be further compounded by other 
factors. For example, Cambodian population records were destroyed by the 
Khmer Rouge, making it difficult to objectively confirm the age of a child or 
potential employee.6 
 
A contextualist human resource management (HRM) definition ‘is focused on 
understanding what is different between and within HRM in various 
contexts’.7 This approach assumes that differing cultures require different HR 
policies in order for them to be effective. Conversely, the universalist 
approach, which is applied by most MNCs with respect to child labour, 
contends that ‘instruments and measures developed in one culture are … 
equally appropriate and applicable in other cultures’.8 The widespread 
adoption of this approach has prompted some commentators to argue that a 
‘mainstream view’ of HR is developing which is US-based and mostly 
individualist.9 This essay will argue that this approach is highly simplistic and 
sanctimonious. In particular this approach often fails to take into account the 
cultural differences between the different countries the MNC operates in. 
 
CULTURAL EXPECTATIONS 
 
In many developing countries there is an expectation that children will work 
and contribute towards the family income. The main reason children engage 
in labour and parents allow them to is poverty.10 However, this expectation is 

                                                 
4 ‘Child labour: How the challenge is being met’, prepared by M Lansky, International Labour Review, vol. 136, no. 2, 
1997, pp. 233-257 at p. 235. 
5 SC White, ‘From the politics of poverty to the politics of identity? Child rights and working children in Bangladesh’, 
Journal of International Development, vol. 14, no. 6, 2002, pp. 725-735 at p. 729. 
6 H Hummels & D Timmer, ‘Investors in need of social, ethical, and environmental information’, Journal of Business 
Ethics, vol. 52, no. 1, 2004, pp. 73-84 at p. 77. 
7 H Harris, C Brewster & P Sparrow, International human resource management, Chartered Institute of Personnel and 
Development, London, 2003, p. 57. 
8 T Clark, D Grant & M Heijltjes, ‘Researching comparative and international human resource management’, 
International Studies of Management & Organization, vol. 29, no. 4, 1999/2000, pp. 6-23 at p. 10. 
9 MR Greenwood, ‘Ethics and HRM: A review and conceptual analysis’, Journal of Business Ethics, vol. 36, no. 3, 2002, 
pp. 261-278 at p. 262. 
10 MM Rahman, R Khanam & NU Absar, ‘Child labor in Bangladesh: A critical appraisal of Harkin’s Bill and the 
MOU-type schooling program’, Journal of Economic Issues, vol. 33, no. 4, 1999, pp. 985-1003 at p. 988 and K Basu, 
‘International labor standards and child labor’, Challenge, vol. 42, no. 5, 1999, pp. 80-93 at p. 84. 
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also fuelled by cultural norms and practices,11 and changing the local culture 
and its practices is extremely difficult.12 
 
Some cultures traditionally train children in a skill from a young age. A good 
example of this is diamond cutting in India.13 Learning vocational skills like 
this prepares children early for employment in industries where they are 
expected to work for the rest of their lives. Such an example raises four 
questions. ‘What … is “labour”[?] … [W]hat is education? What is the proper 
role of the child in the community? … Who decides?’.14 These questions 
present a conundrum to the HR manager. How does one define these roles? 
By universalist convention, the role of the child in developing countries is 
considered to be the same as those accepted in Western society. Children do 
not work; they go to school. Such a notion, however, is a clear example of 
‘Western cultural arrogance’15 because it does not take into consideration local 
cultural norms and needs. 
 
The HR manager could look at the role apprenticeships play in Western 
society for guidance. Apprenticeships tend to be seen by parents in Western 
cultures as ‘a useful activity that will both earn income … and train the child 
in skills useful for future employment opportunities’.16 Comparing this to the 
diamond-cutting example, how should the HR manager consider the fact that 
‘children were simply learning traditional skills passed down through their 
families’?17 There seems to be little difference between this activity and the 
accepted Western practice of apprenticeships. Both provide an income for the 
adolescent, and both train the adolescent in skills useful for future 
employment. The main difference is education levels, which are more 
advanced in developed countries.  
 
Differing educational levels between developed and developing nations is 
inevitable: poverty is the main reason children are not receiving education. 
ILO estimates suggest that children who work contribute between one-fifth 

                                                 
11 Bachman, p. 35. 
12 D Winstanley, J Clark & H Leeson, ‘Approaches to child labour in the supply chain’, Business Ethics: A European 
Review, vol. 11, no. 3, 2002, pp. 210-223 at p. 211. 
13 Bachman, p. 31. 
14 B Newbery, ‘Labouring under illusions’, The Ecologist, vol. 30, no. 5, 2000, pp. 18-21 at p. 19. 
15 ibid. 
16 M Murshed, ‘Unraveling child labor and labor legislation’, Journal of International Affairs, vol. 55, no. 1, 2001, pp. 
169-189 at p. 173. 
17 Bachman, p. 34. 
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and one-quarter of the family income.18 Given this knowledge, HR managers 
are left with a difficult decision. If they choose not to use child labour, this 
will not solve, and may exacerbate, the problem. Children will still seek work, 
and the conditions regulated by the MNC are likely to provide a better and 
safer working environment than the alternative employment. Also, children 
working in MNCs can ‘earn twice the wages of those in alternative 
employment situation, have better diets and health, and are less prone to 
accidents’.19 Given this information, it can be suggested that in such 
circumstances the MNC is the ‘lesser of two evils’ and that children are 
actually better off when working for the MNC. 
 
The fact that local cultural practices in developing countries often do not 
replicate those in the developed world makes it difficult to implement a 
universal set of standards.20 Given these societal differences, it is perhaps in 
the best interests of the HR manager to devise a plan that takes into 
consideration the local culture. This idea is best captured in the words of 
participants at a 2001 HR development conference who stated: ‘we need to 
break free of the ethnocentrism that has so long characterized “the American 
way” and set about trying to better understand other cultures’.21 This break 
can occur by accepting the role that child labour plays in developing nations. 
 
THE ROLE OF THE MNC 
 
Many MNCs have taken measures to eradicate child labour from their 
business operations. These measures vary from company to company, but the 
most prevalent action is the development of codes of conduct. A code of 
conduct is a voluntary set of rules which a company abides by in its business 
practices. In 1991, Levi Strauss and Co. claimed to be the first company to 
implement a formal code of conduct,22 and they have since been followed by 
many other companies, including Nike and Reebok.23 
 

                                                 
18 Murshed, p. 175. 
19 B Hasnat, ‘International trade and child labor’, Journal of Economic Issues, vol. 29, no. 2, 1995, pp. 419-426 at p. 423. 
20 Winstanley, Clark & Leeson, p. 211. 
21 ‘Common ground statement no. 7’, American Society for Training & Development / Academy of Human 
Resource Development Future Search Conference, June 2001, Orlando, Florida, quoted in D Russ-Eft & T Hatcher, 
‘The issue of international values and beliefs: The debate for a global HRD code of ethics’, Advances in Developing 
Human Resources, vol. 5, no. 3, 2003, pp. 296-307 at p. 298. 
22 Bachman, p. 36. 
23 Winstanley, Clark & Leeson, pp. 210 and 212. 
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The question that must then be asked is: why do firms perceive the need to 
include child labour policies in their codes of conduct? Three factors which 
bring child labour to the attention of the general public are: the emergence of 
non-governmental organisations (NGOs) which look at tackling the problem 
of child labour; an increase in media interest; and the increased availability of 
information over the Internet and through other mass communication 
technologies.24 Yet there is a more prominent factor when considering child 
labour in codes of conduct: brand image.  
 
Brand image becomes vulnerable when it loses its credibility. This was 
highlighted when a 13-year-old activist stated, ‘Nike, we made you, we can 
break you’.25 The media plays a pivotal role in shaping brand image in the 
consumer’s mind. This explains the immediate response of Adidas when it 
was publicly revealed that child labour was employed in their Indonesian 
factories. Reebok responded to similar consumer pressure by announcing a 
zero tolerance for child labour.26 These examples make it clear that reputation 
and credibility are important factors for the MNC to consider. 
 
Some companies take hardline universalist stances towards child labour, partly 
due to the importance of brand image. Nike takes such a stance, explicitly 
stating that they will not employ anyone under 18 for shoe production and no 
one under 16 for clothes production.27 Adidas took a similar approach when 
they introduced a universalist minimum working age of 18,28 three years 
higher than that recommended as a minimum for developed countries by the 
ILO.  
 
Unfortunately such promises are hard to keep. Regulating the process is 
difficult because not all suppliers are sole suppliers. Adidas faced this problem 
in Vietnam. Only one of its six suppliers exclusively produces Adidas 
products, meaning that in most cases the Adidas code of conduct does not 
apply across the entire factory. This makes it virtually impossible to prevent 
Adidas workers seeking overtime work on other production lines that are not 
covered by the Adidas code.29  
 
                                                 
24 ibid., p. 222. 
25 Hummels & Timmer, pp. 81-2. 
26 Winstanley, Clark & Leeson, p. 212. 
27 Hummels & Timmer, p. 77. 
28 Winstanley, Clark & Leeson, p. 216. 
29 ibid., p. 217. 
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Shell, on the other hand, takes a different approach. They attempt to change 
the nature of the work rather than banning all work undertaken by children. A 
contextualist approach is demonstrated by Shell’s recommendation that its 
companies ‘respond to local needs in their markets across the world’.30 This 
approach means Shell runs the risk of being accused of child exploitation by 
those who do not completely understand the child labour problem.31 
Nevertheless, given the options outlined previously, Shell may decide that it is 
in the best interest of the child to remain working for the company rather 
than moving to another firm which cannot provide as safe a working 
environment. 
 
HARKIN’S BILL 
 
In 1993, US Senator Tom Harkin introduced a bill which proposed a ban on 
imports to the US from countries that used child labour at any stage of 
production. The passing of this bill resulted in 75% of the garment industry’s 
child workers being dismissed from their jobs,32 as factory owners feared 
losing their business abroad. On November 1st 1996, the Bangladeshi garment 
industry was declared child-labour free.33 
 
In 1995-6, Bangladesh was one of the world’s poorest nations, with a per 
capita income of US$240 per annum,34 and 19.1% of children were involved 
in some form of labour.35 Children enrolled in schools often stopped their 
education because they could not afford clothing or supplies and because 
schooling prevented them from contributing to the family income. Given 
these constraints, children sought a move to the garment sector because it 
‘provided an opportunity to learn a skill, ensured [a] steady and better income, 
and offered better working conditions and job satisfaction’.36 
 
A major problem with Harkin’s Bill is that it assumes that there is a ‘universal 
standard governing the appropriate age for a child to begin work’.37 However, 
as we have already seen, different societies define ‘children’ in different ways. 
                                                 
30 A Kolk & R van Tulder, ‘Ethics in international business: Multinational approaches to child labor’, Journal of World 
Business, vol. 39, no. 1, 2004, pp. 49-60 at p. 54. 
31 ibid. 
32 Rahman, Khanam & Absar, p. 997. 
33 ibid., p. 989. 
34 ibid., p. 988. 
35 ibid., p. 985. 
36 ibid., p. 991. 
37 Hasnat, pp. 422-23. 
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‘Childhood’ is often based on social concepts rather than calendar-based 
concepts.38 
 
There are other problems associated with Harkin’s Bill. Since it concentrates 
on prohibition, it fails to take into account the poverty that pushes children to 
enter the workforce. Supporters of the bill wrongly believed that children 
would go to school because they were not allowed to work. Instead, children 
find work in more dangerous professions such as prostitution.39 There were 
three main flaws with the belief that children would be better off being 
school-educated instead of working. Firstly, 21% of children wanted to learn 
not through schooling but through work.40 Secondly, when a schooling 
program for displaced children was proposed it reduced income for 76% of 
families.41 Thirdly, the education system does not guarantee disadvantaged 
children better jobs or higher wages.42 Instead, all that schooling is doing is 
giving children the skills to ‘join the rest of the class on the road to Western-
style unemployment’.43 
 
The Egyptian trade minister Yussef Boutros-Ghali best summed up the 
sentiments of developing nations in 1999 when he asked ‘[w]hy, all of a 
sudden, when third world labour has proved to be competitive, do industrial 
countries start feeling concerned about our workers?’.44 Indeed it was 
suggested that Harkin’s Bill and minimal labour standards are just a ‘Trojan 
horse’ for protectionism. The idea that third world child labour competes 
with adult workers of the industrialised world is a falsehood. Iran was the 
largest exporter of hand-knotted carpets to the US until they placed an 
embargo on Iranian imports. The result of this policy was not increased 
production in industrialised nations but higher production in other 
developing nations, such as India.45 Although this shift occurred because of 
political reasons, a similar effect would arguably result from a consumer-
driven change.  
 

                                                 
38 ibid., p. 423. 
39 Rahman, Khanam & Absar, p. 997. 
40 ibid., p. 998. 
41 ibid. 
42 Newbery, p. 20. 
43 ibid. 
44 Bachman, p. 38. 
45 Basu, p. 84. 
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It can be seen that Harkin’s Bill did not eliminate child labour in Bangladesh; 
it aggravated the situation because it encouraged children to shift into less 
regulated sectors.46 In Bangladesh, the Bill was perceived as ‘a case of 
Westerners selectively applying universal principles to a situation they did not 
understand’.47 As one child labourer stated, ‘I could go to school, but then 
who would feed my mother and sister?’.48 
 
CONCLUSION 
 
The contextualist approach to child labour assumes that differing cultures 
require different HR policies in order for them to be effective. Given this, it 
can be inferred that the ‘one size fits all’ universalist approach to child labour 
is fraught with problems and difficulties. While ‘child’ labour is one of the 
‘greatest tear-jerkers’,49 the concept of childhood that produces these 
emotions is drawn from the West.50 Most MNCs respond to this emotional 
pressure by developing codes of conduct. However, these are often ‘at odds 
with the real culture of a business, and [can be] little more than a fobbing-off 
exercise’.51  
 
When considering implementing a universalist approach in a developing 
country, it is arguably the HR manager’s responsibility to consider what will 
happen to the children who consequently lose their jobs, as other 
employment alternatives are likely to be worse.52 As illustrated with the 
introduction of Harkin’s Bill, displaced child workers are likely to move to 
more dangerous jobs such as stone crushing or prostitution.53 Perhaps the 
best approach that can be undertaken and implemented by the HR 
department is to determine each child’s employment based on the welfare 
consequences of such a decision,54 establishing if poverty has driven the child 
to work, and hiring him/her if this is the case. Such a strategy would allow the 
HR manager to find the middle ground between the universalist and 

                                                 
46 Rahman, Khanam & Absar, p. 997. 
47 Newbery, p. 19. 
48 Bangladeshi boy quoted in Bachman, p. 38. 
49 Newbery, p. 18. 
50 White, p. 726. 
51 J Donaldson, ‘Multinational enterprises, employment relations and ethics’, Employee Relations, vol. 23, no. 6, 2001, 
pp. 627-642 at p. 634. 
52 ‘Child labour: How the challenge is being met,’ p. 253. 
53 Rahman, Khanam & Absar, p. 997. 
54 Basu, p. 81. 
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contextualist approaches: whilst restricting most child labour, it would permit 
those most adversely affected by universal bans to escape relatively unscathed.  
 
In the end, even ‘a firm with the best intentions can get caught between the 
values and expectations of different stakeholders’.55 The HR manager must 
ask which stakeholders needs are more important: those of the child worker 
or those of the Western consumer? As much as we may desire it, child labour 
‘cannot [simply] be wished away’.56 Instead, the MNC, which is much better 
placed to provide a more supportive work environment for the child worker 
then employers at the local level due to its superior access to resources, must 
actively work to resolve some of these issues in hiring children employees. 
Nevertheless, balancing the problems of prohibiting child workers against the 
pressures that would be felt by the MNC if it actively employed child labour 
makes it clear that there is no easy solution to the problem. 
 

* * * 
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STILL ENGAGED? AUSTRALIA’S RELATIONSHIP WITH 
ASIA UNDER KEATING AND HOWARD 

 
OLIVER MENDOZA* 

 
 

Australia's relationship with Asia represents one of the most challenging aspects of its 
foreign policy agenda. In perhaps no other area of the world have the regional perspectives of 
Australia's recent prime ministers been subject to such variation. In discussing the differences 

between Keating's policy of Asian 'engagement' and Howard's focus on the ANZUS 
alliance, this essay provides an insight into how differing theoretical considerations can 

directly influence policy outcomes. 
 
 

One of the key features of Australian foreign policy over the last fifteen years 
has been the increasing interaction of Australian governments with nation-
states in their immediate geographical vicinity, particularly with regard to the 
countries comprising the sub-region known as Southeast Asia. Building upon 
the rapid expansion of Australia’s relations with this region over the 
preceding twenty years, the Keating government of the early 1990s instituted 
a comprehensive program of political, diplomatic, economic, and cultural 
dialogue with the region that came to be collectively referred to as a policy of 
‘engagement’. Underpinning this initiative was the Prime Minister’s belief that 
Australia’s security and broader national interests were best fulfilled through 
active multi-level communication with its neighbours. In comparing Keating’s 
approach to that of Prime Minister John Howard, this essay contends that the 
leaders’ divergent regional perspectives led to a gradual replacement of this 
holistic regional strategy with a policy dictated by a concern for territorial 
sovereignty. This paper attributes this evolution to the prevailing realist 
outlook of the current government and the crucial role of domestic and 
overseas public opinion in shaping Australian regional policymaking.  
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The newly-established Keating government regarded the 1991 collapse of the 
Soviet Union and the subsequent end of the world’s bi-polar geopolitical 
structure as ‘an historic opportunity to develop a sense of strategic 
cooperation’ in the Asia-Pacific region.1 Central to this assertion was the 
rejection of traditional realist preoccupations with military power in favour of 
the belief that security arrangements were ‘also dependent on the effective 
projection of a nation’s political, economic and cultural strengths’.2 This 
inclusive perspective of security was closely mirrored in the division of 
Australia’s national interests into strategic, economic and trade interests and 
what was called ‘the national interest in being: that is, the requirements of 
being a good international citizen’.3 In particular, Keating’s foreign minister 
Gareth Evans endeavoured to alter Australia’s historical tendency to view 
Asia as constituting a military threat through the active pursuit of ‘public 
diplomacy’, which involved ‘persuasion, direct and indirect, on specific issues 
… [and] encouraging particular target groups in other countries - 
parliamentarians, students, media people and the like - to get to know and like 
us better’.4 Evans believed that it was in Australia’s national interest to 
undertake what he termed ‘a national reconciliation with our geography’ by 
seeking to become familiar with Asian societies.5 
 
The Keating government’s regional security strategy also gave precedence to 
economic factors, consistent with the growing academic belief of the early 
1990s that Australia had ‘ignored the nexus between economics and security, 
and the security implications of non-military threats’.6 His administration’s 
hope that free trade would also incite democratic change in neighbouring 
nations reflected a wider neo-liberal inspired optimism in a region that 
witnessed phenomenal rates of economic growth in the middle years of the 
decade. To this end, Labor government policy centred on the promotion of 
the liberal trading order in Southeast Asia, with ‘the reduction both of trade 
barriers and the discriminatory policies of rival exporters’ identified as major 

                                                 
1 G Evans in G Evans & P Dibb, Australian paper on practical proposals for security cooperation in the Asia Pacific Region, 
Department of Foreign Affairs and Trade and Strategic and Defence Studies Centre, Australian National University, 
Canberra, 1994, Foreword by G Evans, p. 2. 
2 A Dupont, Australia and the concept of national security, Working Paper no. 206, Strategic and Defence Studies Centre, 
Australian National University, Canberra, 1990, p. 12. 
3 ibid., p. 9. 
4 G Evans, Australia’s Asian future, Occasional Paper no. 1, speech delivered at the launch of the Institute for 
Contemporary Asian Studies, 19 July 1990, Institute for Contemporary Asian Studies, Monash University, 
Melbourne, 1990, p. 13. 
5 ibid., p. 15. 
6 Dupont, p. 10. 
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goals.7 The Labor Party decided to break decisively with traditional 
protectionist trade policy, especially through domestic privatisation, financial 
deregulation and the lowering of tariffs. This strategy was praised by 
neoliberal economists for creating favourable conditions for Australian 
exporters, but also widely condemned for subsequent rises in the import of 
manufactured goods and a fall in employment in medium to high-technology 
manufacturing industries.8 The Howard government has largely continued 
Labor’s commitment to regional free trade, a policy most visibly 
demonstrated in the signing of free trade agreements with Singapore and 
Thailand. However, its pursuit and attainment of the Australia-United States 
Free Trade Agreement represents a significant departure from recent 
economic engagement in the region. 
 
While practitioners and theorists of international relations have largely 
focused upon engagement at an inter-government level, the degree of support 
among the Australian community for regionalism has often been instrumental 
in determining the relative success of policy initiatives. In this regard, the 
manner in which Foreign Minister Evans’ efforts at economic attachment and 
public diplomacy in Asia were seriously undermined by the success of the 
One Nation party in the 1996 Federal Election gave credence to assertions 
that the greatest impediment to meaningful engagement with Australia ‘lay in 
Australia’s society, not in its foreign policy’.9 The arguably xenophobic 
attitude of Pauline Hanson in relation to immigration policy damaged the 
‘familiar, benign and constructive image of our country’10 at the heart of 
Evans’ regional strategy, by reinforcing longstanding stereotypes of Australian 
society in the Asia-Pacific region.11 The Hanson phenomenon, according to 
Milner, ‘revived or confirmed the false image of Australia as a white society, 
opposed to immigration, clinging to Europe and the United States and 
generally at odds with the region in which we are located’.12 In this context, 
the rejection of the Australian republic model in 1999 was viewed as proof 
that Australian sensibilities are ‘thousands of miles away on another 

                                                 
7 JL Richardson, The foreign policy of the Hawke-Keating governments: An interim review, Technical Report Working Paper no. 
1997/4, Department of International Relations, RSPAS, Australian National University, Canberra, 1997, p. 11. 
8 ibid., p. 15. 
9 Kim Beazley, ‘Survival: Australia in the 21st century’, Sydney Papers vol. 9 no. 4, 1997, pp. 72-82 at p. 79. 
10 Evans, Australia’s Asian future, p. 13. 
11 A Milner, ‘What is left of engagement with Asia?’, Australian Journal of International Affairs, vol. 54, no. 2, 2000, pp. 
177-184 at p. 182. 
12 ibid., p. 178. 
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continent’.13 Indeed, domestic critics of the policy of engagement as initially 
conceived by Keating and Evans believed it ‘proved out of line with majority 
appeal in Australia and lacked approval in East Asia’. Consequently, it was 
dismissed as the product of the ‘disproportionate influence of elite opinion’ 
on Australian foreign policy making.14 
 
These interpretations of Australian society’s attitude towards regionalism are 
particularly insightful in highlighting the tension between shared interests and 
values that so characterises Australia’s relationship with Indonesia.15 Public 
support in Australia for a closer relationship with its northern neighbour has 
never been particularly strong, with a 2003 government report identifying a 
general misunderstanding of Islam among the population as ‘the greatest 
barrier to stronger Australian public support for Indonesia’.16 The principal 
complexity lies in the fact that despite possessing a significant Asian 
population, ‘our dominant value systems and institutions give Australia an 
unmistakable European stamp’.17 The consequent absence of mutual interests 
poses substantial ideological difficulties that have the potential to impair 
active economic and diplomatic interaction such as that pursued by the 
Keating government. Subsequent Indonesian criticism of the Howard 
government’s decision to support East Timorese independence in 1999 
centred on ‘perceptions that we are deeply antagonistic; that we see Indonesia 
as our major military threat’.18 Australia’s decision to potentially jeopardise 
economic and defence interests with Indonesia in preference for democracy 
in East Timor was a reminder to its neighbours that ‘Australia’s interests and 
its values will not always be the same as others and accommodation is not 
always an appropriate response’.19  
 
Australia’s military involvement in East Timor gave Prime Minister Howard 
the political impetus to articulate a broad foreign policy agenda that has 
                                                 
13 The Nation, a Bangkok newspaper, 7 November 1999, quoted in Milner, ‘What is left of engagement with Asia?’, p. 
178. 
14 AD McLennan, ‘Engagement with Asia revisited’, review of Continental drift: Australia’s search for a regional identity by 
Rawdon Dalrymple, Policy, vol. 19, no. 1, 2003, pp. 37-40 at p. 37. 
15 D McInnes, ‘Understanding Indonesia’, About the House, no. 19, 2003, pp. 16-19, viewed online 9 September 2005, 
<http://www.aph.gov.au/house/house_news/magazine/ath19_Indonesia.pdf>. 
16 ibid., p. 16. 
17 A Milner, ‘Reviewing our Asian engagement,’ Australian Journal of International Affairs, vol 57, no. 1, 2003, pp. 9-16 at 
p. 9. 
18 Milner, ‘What is left of engagement with Asia?’, p. 179. 
19 A Downer, ‘“Neither isolated nor isolationist”: The legacy of Australia’s close engagement with Asia’, speech 
delivered at the Inaugural Hasluck Asia Oration, at Murdoch University Asia Research Centre, Perth, 9 August 2000, 
viewed 9 September 2005, <http://www.dfat.gov.au/media/speeches/foreign/2000/000809_isolate.html>. 
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become known as the ‘Howard Doctrine’. ‘Overturning what he sees as the 
Keating-Hawke attempt to make Australia “much like the countries in the 
region”, Howard sees East Timor demonstrating Australia’s strengths via its 
distinctive characteristics’.20 In particular, the ‘Howard Doctrine’ underscores 
one of the fundamental differences between the Coalition’s approach to 
regionalism and that of its predecessor. While the Keating government 
emphasised economic and cultural communication with Asia as part of a 
broader strategy towards the attainment of regional security, the intention of 
Prime Minister Howard to ‘put less emphasis on “special relations” in the 
region’ and begin cultural ‘rebalancing’ with North America is compelling 
evidence of a return to security assessments founded primarily upon the 
relative military strength of neighbouring countries.21 
 
Australia’s decision to redefine its collective relationship with Asia represents 
a significant ideological shift in foreign policy.22 In this regard, the attempts of 
the Keating government at a ‘reorientation of attitudes and interests’23 
towards Asian society has been replaced by an insistence that ‘those who cling 
to a myopic view that Australia must genuflect to gain acceptance in our 
region are out of touch with Australian and regional sentiment’.24 The 
contention of the Howard government is that Labor’s enthusiasm for regional 
dialogue on a diplomatic and economic level had little effect in changing the 
core perceptions of Australia among countries of the region. Conversely, the 
Federal Opposition laments the ‘collapse of ambition in Australian foreign 
policy’, and has accused the government of ‘playing foreign policy for 
domestic political advantage’ by reducing regional engagement to ‘a simplistic 
and misleading debate about identity’.25 Shadow Foreign Affairs Minister 
Kevin Rudd has also taken particular exception to what he sees as the 
government’s claim ‘that it was somehow demeaning for Australia to seek 
admission into the principal institutions of the region’.26 He cites ‘disinterest’ 
in regional economic forums such as ASEAN (Association of South East 
Asian Nations) and the lack of implementation of programs for the study of 
                                                 
20 The Bulletin, 28 September 1999, quoted in K Rudd, ‘Arc of instability - arc of insecurity’, address to The Sydney 
Institute, Wednesday 23 October 2002, Sydney Papers, vol. 14, no. 4, 2002, pp. 104-119 at p. 108. 
21 ibid. 
22 Milner, ‘What is left of engagement with Asia?’, p. 180. 
23 Richardson, p. 7. 
24 Downer, ‘We can stand proud in our region’, The Australian, 9 March 2000, quoted in D Goldsworthy, ‘Issues in 
Australian foreign policy: July to December 2000’, Australian Journal of Politics and History, vol. 47, no. 2, 2001, pp. 225-
242 at p. 225. 
25 Beazley, pp. 75, 73 and 74. 
26 Rudd, p. 109. 
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Asian languages in schools as evidence of a ‘new policy of differentiation 
from the region’.27  
 
The Howard Doctrine’s commitment to military cooperation with the United 
States has renewed the theoretical debate as to how Australia’s security 
interests in Asia may best be served. The willingness of the Keating 
government to interact with Asia stemmed in part from the realisation that 
‘the focus of US attention in the region may well become, over time, 
increasingly less geopolitical in character, and more directly oriented to the 
country’s immediate economic interests’.28 Meaningful dialogue in Asia was 
thus seen as an urgent issue of national security as Australia sought to 
establish an independence from traditional guarantees of American military 
assistance in the event of regional conflict. Complementing this approach was 
a redefining of Australian security as a ‘multidimensional concept’ that ‘would 
go beyond concerns with threats of an overtly military nature’ to incorporate 
‘traditional diplomacy, politico-military capabilities, economic and trade 
relations and development assistance’.29 Confident in its claim that ‘the region 
generally is not in any immediate danger,’ a 1994 paper written by Foreign 
Minister Gareth Evans and ANU Professor Paul Dibb advised that ‘greater 
dialogue and a sense of trust and – specifically – the exchange of information 
can help develop a sense of strategic confidence in the region’.30  
 
In contrast to the optimism of Dibb and Evans, the terrorist attacks in Bali of 
October 2002 were considered proof to the Howard government of an 
anarchical world order in which the ANZUS military alliance was essential to 
the defence of Australian territory. According to this reasoning, Australia’s 
unprotected coastline and numerically inferior defence force necessitated an 
alliance with the world’s only superpower in order to deter potential attacks 
on Australian soil. This alignment with the United States reflected the 
primacy of the ‘global school’ of Australian policymakers over regionalist 
counterparts advocating closer military cooperation with Asian countries.31 
While both theoretical sides acknowledge the importance of the ANZUS 
Treaty in shaping current Australian defence policy, the question as to 
whether it should be the focal point of an overall regional defence strategy 

                                                 
27 ibid., p. 110. 
28 Evans, Australia’s Asian future, p. 6. 
29 ibid., p. 7. 
30 Evans & Dibb, p. 5. 
31 Rudd, p. 112. 
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remains the subject of ongoing debate. The Keating government’s regionalist 
commitment to military collaboration focused upon encouraging regional and 
multilateral security diplomacy by means of the ASEAN Regional Forum 
established in 1994. It also encompassed goals including the ‘limited exchange 
of military information’, ‘a regional security studies centre’, ‘a maritime 
information database’, ‘strategic planning exchanges’, ‘observers at military 
exercises’ and ‘peace keeping training’.32 In response to the threat of terrorism 
in Southeast Asia, the Howard government has also embarked upon a 
regional network of defence relationships, but with the crucial distinction that 
it does not seek ‘a coalition of regional middle powers as part of a potential 
balance of power’ but rather a common military understanding among 
nations that will complement an ongoing United States presence in Asia.33 
 
Current Foreign Minister Alexander Downer remains critical of collective 
Asian security arrangements that he believes would ‘weaken the role of the 
U.S. in regional affairs which in turn would destabilise the power balance of 
the Western Pacific’.34 Regional developments since September 11, 2001 have 
heightened Downer’s reservations about the collective capacity of Asian 
nations to successfully combat terrorism and convinced him of the necessity 
of an alliance with the United States. Politicians and academics who have 
contested this view argue that Australia’s vocal public endorsement of 
American military action and our support of its continued presence in 
Southeast Asia act as immediate and long-term barriers to understanding the 
people of the region.35 This view gained widespread credibility following 
regional condemnation of US President George W. Bush’s characterisation of 
Australia as a ‘sheriff’ of Pacific security, with Malaysian leader Mahathir 
Mohamad denouncing Australia as a ‘deputy general’ and a ‘Western 
“transplant” ’.36 These critics also question the longstanding realist avocation 
of the ANZUS alliance as a mechanism by which to deter military attacks on 
Australian soil.37 Ultimately, as current discussion of Australian intelligence 
agencies has shown, the status of Australian national security as ‘a contested 
subject’ characterised by ‘uncertainty, relativity and subjectivity’ will always 
                                                 
32 Evans & Dibb, Table 1, p. 13. 
33 Richardson, p. 7. 
34 Downer, ‘“Neither isolated nor isolationist”’. 
35 J George & R McGibbon, ‘Dangerous liasions: neoliberal foreign policy and Australia’s regional engagement’, 
Australian Journal of Political Science, vol. 33, no. 3, 1998, pp. 399-420. 
36 ‘Bush hails “sheriff” Australia,’ British Broadcasting Corporation, 16 October 2003, viewed 9 September 2005, 
<http:// news.bbc.co.uk/2/hi/asia-pacific/3196524.stm>. 
37 Mack, A, Reassurance versus deterrence strategies for the Asia/Pacific Region, Working Paper 103, Peace Research Centre, 
Australian National University, Canberra, 1991, p. 15. 
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complicate the assessment of perceived military threats to its territory.38  
 
The end of the Cold War and substantial economic growth in Southeast Asia 
served as the catalyst by which the Keating government was able to give 
greater prominence to regional affairs within its foreign policy framework. A 
broad reappraisal of Australia’s national interests manifested itself in the 
creation of an engagement principle that sought to establish a security strategy 
founded upon political, economic, diplomatic and cultural factors. This paper 
has shown that while the Howard government has pursued aspects of 
Keating’s regionalist agenda, it has relied upon traditional realist theories of 
military capacity and superpower alliance in its pursuit of regional defence 
stability. The extent to which the attitudes of Australian and overseas societies 
have influenced regional policy has also been discussed, with the conclusion 
that the enthusiasm of the Australian government for regional interaction has 
not always been reciprocated by the general population. The prospective 
merits of regionalism and its realist counterpart have become an established 
source of parliamentary division, as both major parties seek the most practical 
balance of the two theories that best complements their understanding of 
Australia’s national interests. 
 

* * * 
 

                                                 
38 Dupont, p. 2. 
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RESOURCE SCARCITY AND ECONOMIC GROWTH 
 

KELLY NEILL∗ 
 
 

The notion that natural resource stocks are ultimately exhaustible might at first glance imply 
that the world possesses a finite capacity to support continued economic growth. After 

responding to this assumption, the author of this essay examines two alternative models for 
achieving sustainable development: one is an approach which presents efficiency as the most 
feasible means, while the second pursues just the opposite. Either way, the author concludes 
sustainable growth requires more government intervention than is provided by markets and 
current policy, even if this violates the conditions of Pareto, technical or economic efficiency. 

 
INTRODUCTION 
 
For over a century, economists have been concerned that there may exist a 
limit to the Earth’s capacity to support economic growth due to the scarcity 
of its resources. In a closed system such as the Earth, such a limit may be 
relevant even given resource augmenting technological change and significant 
substitution possibilities. There is some debate as to whether these problems 
can be addressed through simply improving the efficiency with which 
economies work, or whether a deeper and more difficult solution – such as a 
change in current consumption patterns – is required. 
  
This paper will first examine the assumption that absolute scarcity exists, and 
then discuss the possibilities for technological change and substitution of 
inputs in the production process, with reference to the laws of 
thermodynamics.  
 
After considering some attempts at measuring levels of scarcity, its 
implications for economic growth will be discussed and a definition of 
sustainable development put forward. Achieving this type of development 
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may be approached in two ways. One way relies on market forces and policy 
to achieve Pareto, technical and economic efficiency. However, it will be 
argued that an alternative approach, which may violate the conditions for 
Pareto efficiency across all generations is more appropriate. 
 
ULTIMATE EXHAUSTIBILITY?  
 
It must be remembered that not all natural resources are ultimately 
exhaustible. Flow resources, such as solar energy, cannot be depleted by use. 
Other renewable resources, typified by the fishery, renew themselves through 
biological regeneration, but there will be a maximum limit to the extent to 
which these renewable resources can be used each period without the risk of 
exhaustion. On the other hand, non-renewable resources, such as fossil fuels, 
have a stock which is necessarily depleted by use.  
 
TECHNOLOGICAL CHANGE  
 
Given these characteristics, Malthus, who wrote in the late 18th and early 19th 
centuries, concluded that since the population was growing at a faster rate 
than inputs for agricultural production (land), there would ultimately be a 
steady state of population and consumption. However, in coming to this 
conclusion, it is often noted that Malthus overlooked the possibilities of 
resource augmenting technological change.  
 
Technological improvements enhance productivity and lead to less resource 
inputs being used per unit of output. Indeed, with technological change it is 
possible, mathematically at least, that even the fixed amount of non-
renewable resources will never be totally depleted.1 Suppose that y denotes 
the increase in output per annum and x ( > y ) is the increase in productivity 
of a homogeneous resource per annum. Then z = x – y is the decrease in 
resource depletion each year. If r is the depletion in the first period, the 
cumulative depletion is r (1 + z + z2 + …). Hence, the cumulative depletion 
of the resource has a finite sum of r / (1 – z). If initial stocks exceed this 
amount then the resource will never be exhausted. 
 

                                                 
1  R Lecomber, The economics of natural resources, Macmillan, London, 1979, p. 20. 
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Nevertheless, this theory relies on considerable assumptions. Firstly, the 
impossibility of estimating with any accuracy whether or not the stock of 
resources exceeds the amount r / (1 – z) poses significant problems. Also, for 
this identity to hold, improvements in productivity must be sufficient to more 
than offset yearly increases in output and technology must be able to increase 
indefinitely. 
 
Moreover, the first law of thermodynamics states that matter can neither be 
created nor destroyed. In the context of the economy-environment 
relationship, this implies that the sum of materials entering the economy as 
environmental resource flows must equal the amount of material retained in 
the economy plus the wastes and pollutants returned to the environment. 
Hence the environment acts as both a source of inputs and a receptacle for 
waste, which has a certain, albeit limited, capacity to assimilate this waste. 
‘The important conclusion we draw from the first law of thermo dynamics is 
that we need to be conscious of the extent to which the environment can act 
as a sink for the residuals [waste] generated by the economy’.2 This idea was 
first recognised by Kneese, Ayres, and D’Arge in 1970 and is known as the 
‘materials balance’ concept. Here, optimists argue that technology’s role is to 
overcome this problem by developing new waste treatment methods. 
 
However, despite a recognition of the importance of technological 
improvement in mitigating the problems caused by population growth, many 
contemporary economists still echo Malthus’ concerns regarding 
environmental constraints on population and economic growth. ‘There is 
abundant evidence that local human populations, in response to both 
anthropogenic and natural disturbances, have “overshot” their environment’s 
capacity to feed them and this has resulted in starvation or mass migration’.3  
 
SUBSTITUTABILITY 
 
Given the finiteness of the natural resource stock, the potential for 
substituting natural resources with man-made inputs and for recycling used 
resources becomes very important.  
 
                                                 
2  D Thampapillai, Environmental economics: Concepts, methods and policies, Oxford University Press, New York, 2002, p. 
18. 
3  RQ Grafton et al., The economics of the environment and natural resources, Blackwell Publishing, Carlton, Victoria, 2004, p. 
336. 
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If we can substitute low quality resources for high quality ones, or use a 
totally different resource altogether, industrial production will be able to 
continue for a longer period of time. This is particularly true if the use of a 
non-renewable resource can be replaced with the use of a renewable resource.  
 
Indeed, if non-renewable resources were perfectly recyclable, then production 
could continue without impediment, and scarcity would not be an issue. ‘But 
scientists emphasize that perfect recycling violates the laws of physics’.4 The 
second law of thermodynamics, namely the Entropy Law says that ‘[m]aterial 
and energy, when used in various processes, are transformed from a state of 
low entropy to that of high entropy’.5 Entropy is the amount of energy 
available for work: in a state of low entropy, there is much potential energy, 
and there is little in a state of high entropy. The economic process draws in 
low entropy resources, raw materials, and transforms them into high entropy 
resources, including waste. This means that getting back low entropy 
resources from wastes becomes increasingly difficult.6 
 
The relationship between the entropy law and the potential for economic 
growth is explained by Daly:    
 

At the input end [the economy] takes low entropy matter from finite 
environment sources, and at the output end it returns high entropy 
wastes into environmental sinks. The sources become depleted and the 
sinks fill up and become polluted. The entropy law is supremely 
relevant because it says that sinks cannot serve as sources. Absolute 
scarcity arises from the combination of the first and second laws of 
thermodynamics, not from either alone.7 

 
Thus, there exists a limit to the extent to which substitution of raw material 
for recycled material is possible. While the use of one unit of natural resource 
in the current period does not imply a one-unit decrease in the availability of 
the resource in the next, the concept of absolute scarcity still exists because 
the amount of non-renewable resources available necessarily declines with 
use. So, while technology plays a vital role in prolonging the production 

                                                 
4  J Hartwick & N Olewiler, The economics of natural resource use, Addison-Wesley, Boston, 1998, p. 396. 
5  Thampapillai, p. 19. 
6  ibid. 
7  HE Daly, ‘Is the entropy law relevant to the economics of natural resource scarcity? - Yes, of course it is!’, Journal of 
Environmental Economics and Management, vol. 23, no. 1, 1992, pp. 91-95 at p. 94. 
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process, it must not be relied upon as the sole solution to the problem of 
finite resources.  
 
MEASURING SCARCITY 
 
Typically, economists measure scarcity by examining changes in price signals. 
As resources become scarcer, their prices and costs tend to rise. However, 
using either prices or rents as indicators is problematic because they also 
fluctuate as a result of changes in market structure, general price levels, 
interest rates, and expectations concerning future availability. This means that 
the effect of scarcity on prices and rents becomes blended with other factors, 
making it difficult to separate out, particularly when examining data over a 
short time period. 
 
The unit cost of extraction is sometimes used to gauge scarcity. Unit costs rise 
as scarcity sets in because producers are forced to extract lower grades of the 
resource. Barnett uses this indicator to make inferences about scarcity in his 
paper, Scarcity and growth revisited.8 According to Barnett’s research, between 
1870 and 1957 the real costs of extractive resources in the US declined 
(except in forestry), although after extending his research for the period 1957 
to 1970 and including other countries, his results become more mixed. In 
general, Barnett finds support for the hypotheses of increasing resource 
availability, even after taking into account technological advancements. He 
implies that technological change and substitution effects are 
counterbalancing the price increases necessarily associated with the depletion 
of resources. However, this cannot contradict the ultimate finiteness of 
natural resource supply.   
 
Indeed, other thinkers predict that the stock of natural resources is ultimately 
destined to run out. In the 1970s, Meadows et al. in their famous study ‘Limits 
to growth’9 predicted that, given the periods’ current consumption, limits to 
exponentially growing economic activity, population and pollution existed. 
More recently, many forecasts expect the world oil consumption to reach a 
peak before 2020.10 

                                                 
8  HJ Barnett, ‘Scarcity and growth revisited’ in VK Smith (ed.), Scarcity and growth reconsidered, The John Hopkins 
University Press, Baltimore, 1979, pp. 162-217 at p. 174. 
9 E Kula, Economics of natural resources, the environment and policies, 2nd edn, Chapman & Hall, London, 1994, p. 18. 
10 ‘The end of oil is closer than you think’, The Guardian, 21 April 2005, viewed 12 May 2005, <http://www. 
guardian.co.uk/life/feature/story>. 
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Moreover, Thampapillai observes data on the price of natural resources for 
Germany, Sweden and Australia, over the period 1969 to 1997. ‘We observe 
an initial declining trend in both Germany and Sweden followed, however, by 
an increasing trend. Australia displays an increasing trend throughout the 
entire period’.11 This trend may be interpreted as evidence that the tendency 
for prices to increase due to scarcity is outweighing the downward pressure 
from technological change. 
 
SCARCITY AND ECONOMIC GROWTH 
 
Scarcity, by itself, does not imply that there is a limit to the earth’s capacity to 
support economic growth, nor is not a sufficient condition for government 
intervention in the market for natural resources.  
 
However, given that there is absolute scarcity and that perfect substitutability 
of man-made capital for natural resources is not scientifically possible, it is 
unlikely that continued economic growth will be achievable without some 
intervention from governments or other authorities. According to Pezzey, 
‘[b]y the late 1970s … an apparent resolution of the problem was reached: 
economic development could be sustained indefinitely, it was held, but only if 
development is modified to take into account its ultimate dependability on 
the natural environment’.12  
 
SUSTAINABLE DEVELOPMENT 
 
The notion of sustainability is helpful in answering how this dependability on 
the natural environment is to be taken account of. According to Pearce, many 
definitions of sustainability are similar to the one proposed by Hicks. That is: 
‘sustainable development is readily interpretable as non-declining human 
welfare over time – that is, a development path that makes people better off 
today, [but] makes people tomorrow have a lower “standard of living” is not 
sustainable’.13 
 

                                                 
11 Thampapillai, p. 185. 
12 J Pezzey, Sustainable development concepts: An economic analysis, World Bank environment paper, number 2, World 
Bank, Washington D.C., 1992, p. 1. 
13  Kula, p. 32. 
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Within this, the concepts of weak and strong sustainability14 are also 
informative. Weak sustainability is the maintenance of the capital stock (both 
man-made and natural) to ensure non-declining welfare over time. This 
assumes that man-made and natural capital are substitutable and that the 
stock of natural capital may be depleted as long as it is replaced with man-
made capital. It can be argued that this may be a necessary, but not sufficient, 
condition for sustainable development.15 
 
On the other hand, ‘[s]trong sustainability is commonly interpreted as 
maintaining the natural capital stock (or some crucial subset thereof) 
undiminished in terms of its resilience … and ability to assimilate wastes and 
regenerate renewable resources’.16 This type of sustainability still allows for 
the depletion of natural resources, with the condition that the environment is 
not depleted to the extent that it cannot provide its ‘critical environmental 
services’.17  
 
It must be remembered that ‘[s]ustainability is a concept, not an agenda for 
action’,18 and generally there are two approaches which might be taken as a 
step towards sustainable industrial production. The first assumes that the 
efficient market outcomes are socially optimal, and the second assumes the 
opposite. 
 
RELIANCE ON MARKETS 
 
Pareto efficiency is achieved when it is not possible that the utility (derived 
from consumption levels) of one person can be improved without the 
sacrifice of another person’s utility. More specifically, in terms of resource 
use, this outcome will maximise the present discounted value of utility. Here, 
after modifying for technical change,19 Hotelling’s rule states that prices 
‘should rise at the rate of real interest. This is because “oil in the ground” is 
an asset and if its value is expected to appreciate more/less rapidly than the 

                                                 
14  Grafton et al., p. 322. 
15  T Tietenberg, Environmental economics and policy, The Addison-Wesley series in economics, Addison-Wesley, Boston, 
2004, p. 89. 
16  Grafton et al., p. 322. 
17  ibid. 
18  Hartwick & Olewiler, p. 416. 
19  Grafton et al., ch. 7. 
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value of other assets, it will be profitable to retard/bring forward extraction, 
thus influencing the rate of increase in value’.20  
 
It is often emphasised that a lack of technical and economic efficiency in 
resource markets will exacerbate the effects of increasing scarcity. As Stiglitz 
asserts, ‘[m]uch of the popular literature seems to take the position that doom 
is not inevitable but because of the wastage of resources, it is nevertheless 
likely to occur’.21 
 
Advocates of improving the efficiency with which private markets function as 
a means towards sustainable development put their faith in the price 
mechanism as a signal to curb consumption of natural resources as scarcity 
sets in. As prices rise due to scarcity, various means of alleviating it, such as 
exploration and technological innovations, are triggered because they become 
more profitable. If these fail, the price rises discourage consumption of the 
scarce resource and encourage substitution. For example, whale oil was 
popular from the 9th century, but as the whale populations became depleted 
and whalers had to travel further to find them, the price of oil rose, despite 
technological improvement. ‘Due to scarcity, the price of whale oil increased 
by more than 400% between 1820 and 1860 and as a result consumers looked 
for substitutes.’ By 1868, kerosene had almost replaced the whale oil market.22 
 
However, for these price signals to produce Pareto efficient outcomes, many 
improvements on the current situation must be made. Distortions in the form 
of non-competitive markets and government policies can mean that prices 
reflect the underlying scarcity of the resource less than accurately. Prices must 
be made to take into account externalities, future preferences, correct 
anticipations, and common property problems. This could, in theory, be 
achieved through taxes and user fees, permits and restructuring of property 
rights.  
 
Aiming towards efficient markets can help eliminate waste in the economy, 
but it does not guarantee that all parties are treated fairly. 

                                                 
20  Lecomber, p. 22. 
21  JE Stiglitz, ‘A neoclassical analysis of the economics of natural resources’, in VK Smith (ed.), Scarcity and growth 
reconsidered, John Hopkins University Press, Baltimore, 1979, pp. 36-66 at p. 39. 
22  Kula, p. 30. 
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MARKET FAILURES 
 
There is significant evidence that the market system has failed in terms of 
providing optimal resource use. The most obvious example of this is the 
depletion of the ozone layer. Ozone levels have been declining by as much as 
40 percent23 on a seasonal basis over the poles and, according to European 
Space Agency, the size of the hole over Antarctica this year is the third largest 
on record.24 A recent study at the Cooperative Institute for Research in 
Environmental Science had found some evidence to suggest that the 
depletion in the ozone layer is becoming less severe. However, it is important 
to note that this result may be owing primarily to successful international 
agreements for phasing out harmful emissions, rather than to market forces. 
 
INTERGENERATIONAL EQUITY 
 
Moreover, it is commonly put forward that the market has not been able to 
deliver satisfactory levels of intergenerational equity, which is the concept that 
the well-being of future generations should be taken into account when 
making present consumption decisions. Pareto efficiency maximises, by 
definition, utilities within any given time period, however, we also need 
maximise utility between generations, and ensure an equitable distribution of 
consumption. If there exists a trade off between current consumption and 
consumption of future generations, in order to ensure that welfare is non-
declining over time there may have to be a decrease in present consumption 
and utility, an option which would run against the concept of Pareto 
optimality. 
 
Alternatively, some suggest that intergenerational equity may entail higher 
present consumption. This assertion is made using the idea of weak 
sustainability and arguing that, although the current generation will be giving 
the next fewer natural resources, they will also be giving them a higher level 
of technology and capital. Therefore, if the technological improvements lead 

                                                 
23 Bureau of International Information Programs, ‘Depletion of ozone layer levelling off, new US study finds’, U.S. 
Department of State, 30 August 2005, viewed 7 October 2005, <http://usinfo.state.gov/gi/Archive/2005/Aug/31-
366830.html>. 
24 ‘Ozone hole widens to size of Europe’, Discovery Channel, 31 August 2005, viewed 7 October 2005, 
<http://dsc.discovery.com/news/afp/20050829/ozone.html>. 
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to a higher level of consumption, in the name of equity, the present 
generation should consume more. 25  
 
Many economists advocate the idea that constant consumption (and therefore 
utility) across all periods should be maintained. They claim that, ‘for quasi-
immortal entities – such as a nation and especially mankind – discounting the 
future is wrong from any viewpoint. There is no specific reason why such an 
entity will not experience the same needs at all times’.26 They argue that 
constant consumption can be achieved by investing all rents from depleting 
natural resources into man-made capital and substituting it for natural 
resources in the production function, a process known as ‘Hartwick’s rule’.27 
However, this process faces the same limits to substitution as discussed 
previously. Moreover, it ignores any future utility derived from environmental 
amenity. Instead, it could be achieved through the recently suggested 
‘environmental mitigation banking’, whereby ‘banking of environmental 
restorations to offset environmental damage caused by development projects’ 
ensures that the ‘net change in environmental resources remains zero and 
strong sustainability criteria are met’.28 
 
To know whether welfare is non-declining, it must be assumed that inter-
temporal preferences are known into the future. This assumption seems quite 
impossible because the situations faced by future generations are unknown. 
Also, ‘[t]rade-offs or substitutions that [current generations] allow [between 
present and future consumption] may be psychologically impossible or 
morally inexcusable’.29 This is primarily because the further into the future an 
individual is born, the less current generations will be willing to sacrifice their 
own well being for that individual. Hence, the major flaw in relying on 
efficiently functioning markets to provide an optimal consumption path is 
that only the current generations are able to participate in decision making. 
 
Inter-temporal reallocations can be achieved without any loss in technical or 
Pareto efficiency, if instruments such as monetary policy are employed to help 

                                                 
25  Pezzey, p. 13. 
26 N Georgescu-Roegen, ‘Comments on the papers by Daly and Stiglitz’, in VK Smith (ed.), Scarcity and growth 
reconsidered, The John Hopkins University Press, Baltimore, 1979, pp. 95-105 at p. 101. 
27  Pezzey, p. 13. 
28  K Saeed, ‘Designing an environmental mitigation banking institution for linking the size of economic activity to 
environmental capacity’, Journal of Economic Issues, vol. 38, no. 4, 2004, p. 909. 
29  Pezzey, p. 6. 
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move the market rate of interest towards the optimal social rate of discount,30 

whatever that may be. 
 
Many regard intra-generational equity, that is, equity of consumption within 
generations, as an integral part of sustainable development. For example, ‘[i]n 
the tradition of Mill, economic growth is necessary only for developing 
countries. In the developed countries, however, the real issue is income 
distribution, not its growth’.31 This is because raising incomes can help reduce 
the high rates of time preference of the poor, and is also associated with a 
reduction the birth rate, stemming excessive population growth and aiding 
sustainability. 
 
COSTS OF A FAILURE TO ACT 
 
It can be claimed with reasonable certainty that a sudden halt to growth, that 
would come about if a crisis had failed to be anticipated, would have a very 
large negative value to society. Even if a very small probability was attached 
to its occurrence, and future utilities were discounted at a high rate, current 
actions that contribute to that crisis appear very costly. Given that it is not 
clear that simply increasing market efficiency would be useful in mitigating 
the problems of resources becoming scarce, it seems sensible to take 
necessary precautions to guard against scarcity.  
 
CONCLUSION 
 
Despite uncertainty surrounding the size of the environmental resource stock, 
it is known that non-renewable resource stocks must, by their physical nature, 
be ultimately exhaustible. Technological change can play an important role in 
extending the time horizon over which these resources can be used by 
allowing new possibilities for substitution and recycling. However, it is 
important to recognise that technology should not be relied upon as the key 
to avoiding a resource crisis. 
 
During the 1970s, many analyses supported the hypothesis that technological 
change was accounting for increasing resource availability. However, more 
recent studies seem to imply the opposite. While it is true that information 

                                                 
30  Stiglitz.  
31  Kula, p. 10. 
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about the past can be used to make inferences about future resource 
availability, it remains impossible to predict future potential for substitution 
or technological change. Whatever the observations, they cannot contradict 
the fact that current extraction of a unit of non-renewable resource means 
that less of the resource can be used in the future. 
 
Given the evidence of market failure in terms of depletion of resources and a 
lack of intergenerational equity (especially if the optimal social rate of time 
preference is zero), it seems unlikely that economic growth can continue 
indefinitely without intervention. While technical and economic efficiency of 
resource use are essential components of sustainable development, they 
cannot be solely relied upon to provide a desirable outcome, particularly if the 
only people who can participate in the decision making process are the 
current generation. However, Pareto efficiency taking into account future 
generations, may not be achievable if current generations must make the 
difficult step of altering their consumption patterns and sacrificing their own 
utilities for the longer term goal of non-declining utilities over time. For this 
reason, government intervention is essential. 
 

* * * 
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ARTWORK DETAILS 
 
 

SELF-PORTRAIT, 2005 
Eleonore Bridier* 
 

Photograph 
8.5 cm × 15.5 cm 
 

* * * 
 
FRACTAL, 2005 
Bianca Wall† 
 

Acrylic paint 
64 cm × 80 cm 
 

‘This artwork was created in response to making a pattern from part of a 
cauliflower showing self similarity in pattern growth.’ 
 

* * * 
 
SHOPFRONT, 2004 
Annika Harding‡ 
 

Oil on canvas 
77 cm × 62 cm 
 

‘This painting is the result of an exploration of Modernist practices. I 
reinterpreted the theory of the Impressionists, using brushstrokes and the 
depiction of light to portray what is represented. 
 

                                                 
* Eleonore Bridier is in her first year of a Bachelor of Arts (Digital Arts) degree at the 
Australian National University, and is a current resident of Bruce Hall. 
† Bianca Wall is in her first year of a Bachelor of Arts (Visual Art) degree at the Australian 
National University, and is a current resident of Bruce Hall. 
‡ Annika Harding is in her second year of a Bachelor of Arts/Bachelor of Arts (Visual Art) 
degree at the Australian National University, and is a current resident of Bruce Hall. 



 

 

‘I chose this shopfront as my subject matter because its geometric properties 
refer to other Modernist ideas: ideas which may not have been developed if it 
weren’t for Impressionism.’ 
 

* * * 
 
RAPE: 03 CONFUSION, 2004 
Chris Cook§ 
 

Digital Media 
1024 × 768 pixels 
 

‘Rape 03: Confusion, is part of a ten-image body of work dealing with the 
emotional response to rape called Ravision. Rape 03: Confusion explores the 
complex, overpowering and confusing emotions that may be experienced in 
the aftermath of such a brutal ordeal.  
 

‘The work was created in Photoshop and utilises layers, where images are 
placed upon one another, slowly building up the complete work. There are 
over one hundred individual objects in this work, in over fifty layers. 
 

‘At first glance I wanted the image to overwhelm the viewer with far too 
much detail. Drawing parallels with the emotional complexity of rape, this 
image requires time and patience in order to reveal the detail. This detail is 
very subtle and the closer the viewer looks the more can be discerned. In this 
way I was hoping to convey the search for answers experienced by a rape 
victim. I also varied the content in the image using photos, symbols, text, 
graphs, shapes and graphics.’  
 

* * * 
 
BESIDE, 2005 
Gaurav Bhatnagar║ 
 

Digital Photograph 
1952 × 2592 pixels 

                                                 
§ Chris Cook is in his third year of a Bachelor of Arts (Digital Art) degree at the Australian 
National University, and is a current resident of Bruce Hall. 
║ Gaurav Bhatnagar is in his third year of a Bachelor of Engineering degree at the Australian 
National University, and is a current resident of Bruce Hall. 



 

 

 
LEFT, 2005 
Emily Jackett ‡‡ 
 

Digital Photograph 
310mm × 410mm 

* * * 
 
SCROLL SERIES 
Catherine Brownscombe^ 
 

Embroidery appliqué, beading and couching, on vertical blind with polyester 
thread: silk, cotton, polyester/variable 
2005  
 

‘This work explores different translations of the bible.  Taking elements from 
early Christian literature, the text within each piece represents the spread of 
Jesus’ teachings around the world.’  
 

* * * 
 
UNSEEN TRUTH, 2005 
Trina Calocouras° 
 

Digital Art 
100 cm × 100 cm 
 

‘This work represents the restriction of the body, not the soul, which is the 
true form of myself.’ 
 

* * * 
 
 
 

                                                 
# Emily Jackett is in her second year of a Bachelor of Arts (Visual Art) degree at the 
Australian National University, and is a former resident of Bruce Hall. 
^ Catherine Brownscombe is in her third year of a Bachelor of Arts (Visual Arts) degree at the 
Australian National University, and is a current resident of Bruce Hall. 
° Trina Calocouras is in her third year of a Bachelor of Arts/Bachelor of Arts (Visual Art) 
degree at the Australian National University, and is a current resident of Bruce Hall. 



 

 

THE RED STUDIO, 1911 
by Henri Matisse 
 

Oil on canvas 
181 cm × 219.1 cm 
 

 
* * * 

 
 

These artworks have been ordered sequentially according to the stage in the 
artists’ respective careers at which they were created; the collection thus 
begins with artworks created in the first year of university and progresses to 
pieces produced in the later years of a degree. 
 
 
 
 
 
 
 
 
 
 
 

 
 
 
 
 
 
 
 
 
 









 

 

 



 

 

 







Reproduced with permission from the Museum of Modern Art, New York. <http://www.moma.org>  



 
 
 

A SKETCH FOR A NEW COMMUNITY: 
THE INOPERATIVE COMMUNITY AND MODERN POLITICS 
 

CHARLES PRESTIDGE-KING∗ 
 

Jean-Luc Nancy’s model of what constitutes ‘community’ differs significantly from 
conventional philosophical ideas. Using his ontological understanding of Being Singular 
Plural, Nancy paints community as dissolute rather than homogeneous, and redefines the 
idea of community as a shared experience of this dissolution. This essay explores Nancy’s 

arguments in The Inoperative Community and seeks to apply them to the Australian 
polity. 

 
 

Straddling the abyss between all and none, perhaps, is the mortal 
community of those who we are, and who have everything and nothing 
in common.1 

 
In The Inoperative Community, Jean-Luc Nancy provides a radically different 
model of community than that of conventional political philosophy. Unlike 
traditional models, Nancy dismisses both atomistic and unifying ideas and 
attempts to depict community as something that cannot be forced, but is 
instead a shared experience of finitude, which gives rise to an affirming 
‘Being-with’: in his words, an experience that ‘makes us be’.2 In attempting to 
formulate a response to Nancy’s model, I have ordered this essay into two 
distinct parts. In the first, I shall examine Nancy’s argument with reference to 
the mythic community, being-in-common, atomism and singular beings, and 
death’s role in the community. I shall raise several objections to Nancy’s 
argument, namely its failure to adequately describe the relationship of singular 
beings and, more pressingly, its lack of prescriptive value. In the second, 

                                                 
∗ Charles Prestidge-King is in his first year of a Bachelor of Arts/Bachelor of Laws degree at 
the Australian National University, and is a current resident of Bruce Hall. 
1 A Crim, ‘Deathbound community: What calls for speaking?’, Research in Phenomenology, vol. 25, 1995, pp. 296-305 at 
p. 305. 
2 Jean-Luc Nancy, The inoperative community, Theory and History of Literature, vol. 76, ed. P Connor, trans. P Connor, 
L Garbus, M Holland & S Sawhney, University of Minnesota Press, Minneapolis, 1991, p. 26. All emphasis in quotes  
throughout the essay is Nancy’s own. 
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shorter part of the essay, I shall give some indication as to the relevance of 
Nancy’s argument to ethical and political questions, with particular reference 
to Australian politics. I shall do so by suggesting how a community, 
traditionally thought of as a unified, totalising body, should instead be an 
entity that espouses heterogeneity, difference, breaking away and resistance 
through the conscious embracing of disagreement and disunity. 
 
 
I: THE INOPERATIVE COMMUNITY  
 
THE MYTHIC COMMUNITY 
 
A specific feature of the modern era is the alienation of the human subject 
within society. From the depths of the industrialised metropolis, from within 
the factories and offices, the dull hum and idle chatter of public transport, a 
certain idealism – nostalgia – for a feeling of communion and 
interdependence, for the mythic community, has emerged. The days of a 
homogenous community have been replaced with the multi-pluralistic alterity 
of many separate communities. The ‘infrangible’3 bonds of this original, 
mythic community have vanished, and there has arisen a potent nostalgia for 
this lost entity. For Nancy, this ‘nostalgia for a more archaic community’,4 
combined with a longing for the once-prevalent ‘familiarity, fraternity and 
conviviality’5 has existed at every moment in the entire history of the 
Occident.6  
 
In turn, modern political rhetoric is thick with idealisations of this mythic 
community – in Australia, for the years of early European colonisation or the 
Gallipoli campaign. For Nancy, ‘[t]he lost … community can be exemplified 
… in all kinds of paradigms: the natural family, the Athenian city, the Roman 
Republic, the first Christian community, corporations, commune, or 

                                                 
3 ibid., p. 9. 
4 ibid., p. 10. 
5 ibid. 
6 Nancy has been criticised for his Occidental focus: see T George, ‘The myth of the west interrupted: Community and 
cultural difference in Nancy’s “Literary communism”’, International Studies in Philosophy, vol. 35, 2003, pp. 49-63. 
6 Nancy, The inoperative community, p. 10. 
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brotherhoods’.7 Indeed, Nancy claims that ‘[w]hat dominates the concept … 
what constitutes its appeal, is nostalgia’.8 
 
This paradigm of the mythic community contains a further clause: that it 
recognises its ‘ownmost’ essence, that it is ‘played back to itself’.9 Each 
member of the society is not recognised in and of themselves, but through a 
‘supplementary mediation of … identification with the living body of the 
community.’10 However, the community also experiences an interaction with 
itself: community is not only an ‘intimate communication between its 
members, but also its organic communion with its own essence’.11 For 
totalising, or immanentist12 communities, a very simple project then appears 
to exist: the essence of the lost, unified community must be made immanent 
to itself, and this essence must be materialised. Thus, this modern nostalgia 
for the mythic community is not merely a product of a loss of unity, but also 
the apparent loss of social meaning for political organisation. The mythic 
community rests on an assumption of commonality (in race, religion, outlook, 
goal, or normative framework) and attempts to sublate and fuse individuals13 
into an organic whole, to create a ‘unified political body founded on 
consensus and commonality.’14 The restoration of commonality thus becomes 
a clear goal for the politics of the mythic community.  
 
However, Nancy feels that this conception of community is based upon false 
premises. Nancy argues that this lost community in fact never existed – that 
the idealisations of community are no more than idealisations. Thus, the 
nostalgia for the lost community must be treated as no more than mere 
nostalgia. Instead, Nancy requires a new conception of community for the 
political world to function. The same principles that have eradicated 
communities in the past are the principles that maintain this idea of the 
community. If not in the typical conceptions of unity or a common goal, 
where does Nancy place the community?  
 

                                                 
7 ibid., p. 9. 
8 R Bernasconi, ‘On deconstructing nostalgia for community within the west: the debate between Nancy and 
Blanchot’, Research in Phenomenology, vol. 23, 1993, pp. 1-21 at p. 3. 
9 Nancy, The inoperative community, p. 9. 
10 ibid. 
11 ibid. 
12 Nancy uses this term to denote communities that have a will towards immanence, and unity as their goal, but it 
may also be taken to mean totalitarian states. In this essay, it refers to the former.  
13 In this essay, I will use the word ‘individual’ to distinguish the concept from Nancy’s singular being.   
14 L Secomb, ‘Fractured community’, Hypatia, vol. 15, 2000, pp. 133-150 at p. 133. 
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THE UNWORKING OF COMMUNITY: BEING-IN-COMMON 
 
As a loosely deconstructive work, Nancy attempts to overcome ‘meaningless’ 
dichotomies, and, as such, The Inoperative Community attempts to transcend 
simple left/right political categorisation. However, Nancy concedes that his 
philosophy ‘comes from the left’,15 where left means ‘at the very least, that the 
political … is receptive to what is at stake in community’.16 However, in order 
to discuss the political and ethical implications of Nancy’s argument, firstly I 
must show what Nancy’s community is not. 
 
Community cannot be unification. It cannot be the fusion of separate subjects 
into a homogenous whole, nor a movement towards a ‘common goal’: ‘[t]he 
community that becomes a single thing (body, mind, fatherland, Leader…) 
necessarily … yields its being-together to a being of togetherness’.17 A single 
community, formed of impersonal, homogenised individuals, is untenable 
within Nancy’s thesis. Thus, Nancy’s philosophy clearly rejects official 
communism. It does not reject communism along shallow lines – for 
example, for a tendency towards autocracy, a lack of accountability amongst 
government officialdom, or for its undemocratic nature – but for a 
‘fundamental, even metaphysical flaw: its bent on reducing everything to 
production, management, and effective control’.18 In communist states, 
immanent unity is produced through unified community, which is in turn 
produced through the enforced commonality of work. 
 
Whilst homogenous, unified states are unacceptable, the temptation to ascribe 
a Cartesian, individualistic idea of sovereignty to the inhabitants of Nancy’s 
community must also be resisted. As an ‘ab-solute’,19 the traditional Cartesian 
subject must be completely distinct, without relation to a social world aside 
from a personal subjectivity towards the exterior. Nancy explains: ‘[w]hat 
cannot be derived or extrapolated from atomistic individualism is any notion 
of a social world: any sense of a clinamen, that is, of an ‘inclination … from 
one toward the other’.20 For Nancy, the atomistic individual, as a 
metaphysical, fundamental unit of identity, is simply not enough. Thus, any 
                                                 
15 Nancy, The inoperative community, p. xxxvi. 
16 ibid. 
17 Nancy, p. xxxix. 
18 F Dallmayr, ‘An “inoperative” global community? Reflections on Nancy’, in D Sheppard, S Sparks & C Thomas 
(eds), On Jean-Luc Nancy: The sense of philosophy, Routledge, London, 1997, pp. 174-196 at p. 177. 
19 Nancy, The inoperative community, p. 4.  
20 ibid., p. 3.  
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community based on an agreement or a social contract between individuals 
must also be rejected: communities such as that of Hobbes’ Leviathan, where 
‘atomistic citizens are ruled by a sovereign [a ‘common Power’21] who 
represents the soul of the body politic and who gives life to that society’22 are 
totally untenable within Nancy’s thesis. 
 
For Nancy, community is instead the existence of a ‘Being-in-Common’.23 
This concept requires further articulation. By common, he does not denote a 
uniform substance that binds separate individuals, but rather a ‘shared 
experience’. Nancy characterises community through the sharing of what 
takes place in the face of the ‘terminations and boundaries’24 of finitude: 
through ‘birth, death, and alterity’, we find ‘limit and difference’.25 In this 
shared experience of finitude there is no ‘communion’,26 or unity, but an 
alterity. Community, for Nancy, is this shared, constant, exposure to finitude: 
a simple mode of ‘exposition in common’,27 a ‘being-in-common’. 
 
Nancy’s community requires a new conception of the individual to 
understand this ‘sharing’ and, accordingly, for this ‘being-in-common’ to exist. 
Thus, he replaces the classical ‘individual’ with a singular being. A singular being 
is not given meaning by the community, or by its own subjectivity, but is 
instead ‘the residue of the experience of the dissolution of community’.28 This 
is what is meant by the clinamen: as inclination, it reflects a necessary 
exteriority or external focus (the singular being must be outwards-facing, 
‘“posed” in exteriority … an outside in … an inside’29). This is another reason 
why the possibility of a Cartesian individual, as an absolute internal 
subjectivity towards an external world, is removed, as it cannot allow an 
‘outside’ to enter into the absoluteness of its ‘inside’. The exposure of the 
singular being to finitude enables the existence of a ‘being self’, and a ‘being-
separated’.30 Thus, interactions between singular beings are shared expositions 
of alterity and the limit of being together,31 and allow social interactions that 
                                                 
21 T Hobbes, Leviathan, ed. E Curley, Hackett, Indianapolis, 1994.  
22 Secomb, p. 134. 
23 Nancy, The inoperative community, p. xxxvi. 
24 Secomb, p. 141. 
25 ibid. 
26 T Donovan, ‘Community, assimilation, and the unfamiliar’, Philosophy and Rhetoric, vol. 35, 2002, pp. 244-265 at p. 
263. 
27 Nancy, The inoperative community, p. xxxvii. 
28 ibid., xxxvii and p. 3. 
29 ibid., xxxvii.  
30 ibid. 
31 ibid., p. 28.  
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open up the idea of a being-in-common, the necessary requirement for the 
shared exposure of alterity – and the community – to occur.  
 
There may be a temptation at this point to liken the singular being to 
Heidegger’s analytic in Being and Time. However, this temptation must be 
avoided. Nancy rejects Dasein in Being Singular Plural, and also rejects Mitsein as 
a grounding for community – ‘Mitsein is still no more than a sketch’.32  While 
it denotes a ‘with’, Mitsein still fails to incline the ‘individual subject’ outside 
itself to an extent necessary for the existence of a Being-in-common. 
 
Nancy’s philosophy is also unlike Heidegger’s in its approach to death, a 
concept integral to Nancy’s understanding of the community. While 
community lacks a Sein-zum-Tod 33 in that death gives no real meaning to it, 
death nonetheless has a specific role in community. In the inoperative 
community, death can be expressed in two ways. The first expression is a 
relatively simple one: by focusing on unity, any different, non-unitary bodies 
within the community will experience a rejection, a violence. At its most 
extreme, this project of unity achieves death through projects of ‘purification’, 
such as genocide in immanentist communities like the Third Reich.  
 
The second expression is in the death of a community member. In an 
immanentist community, the death of a community member cannot be seen 
as the ‘ownmost’ possibility for that individual, or as an ‘unmasterable excess 
of finitude’,34 but should instead be seen as ‘the infinite fulfilment of an 
immanent life’.35 (The joint ‘death of lovers’36 may serve as a useful model for 
this expression of communion.) Traditionally, the glorious sacrifice for 
community37 has been rationalised in a sublation of the individual into the 
community’s essence.38 For Nancy, construing this argument in such a sense 
would be a mistake, in that community’s essence cannot be represented by 
the sublation of an individual. In truth, this ‘glorious sacrifice’ is neither a 
sublation nor a reabsorption, but another exposition of finitude, of ‘(the 
impossibility) of … immanence’39 to the community. Rather than a communion, 
                                                 
32 Nancy, Being singular plural, trans. R Richardson, Stanford University Press, Stanford, 2000, p. 44. 
33 Where Dasein must have an appreciation of death to bring it into an authentic mode of Being. 
34 Nancy, The inoperative community, p. 13.  
35 ibid.   
36 The best model for this is a joint suicide, such as in Romeo and Juliet, as Nancy notes: ‘one cannot tell which – the 
communion or the love – serves as a model for the other in death.’ ibid., p. 12. 
37 The ANZAC legend may serve as an example here.   
38 ‘The fully realised person … is the dead person.’ Nancy, The inoperative community, p. 13. 
39 ibid., p. 14.  
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death should be viewed as another instance of the limits inherent within 
community.  
 
CRITICISMS 
 
I have two major problems with Nancy’s concept of the community. Firstly, it 
is a question of opinion as to whether Nancy’s community adequately 
describes the interactions between singular beings. Critchley suggests that 
Nancy’s argument misses several key points in the relationships of the 
singular beings within the community.40 In ‘sharing’, Nancy claims that Being 
is equiprimordial with Being-with. This seems to suggest that there is 
equivalence between the self and the other, which is contrary to Levinasian 
theories of the opacity of the other. If the essence of community is sharing, 
the self can ‘indeed comprehend and categorise the other.’41 This would, of 
course, destroy the necessary alterity of the other, and force a ‘reductive 
equivalence’42 that cannot exist in Levinasian philosophy.  
 
Along similar lines, the other individuates the self by granting it responsibility, 
and we are necessarily individuated in that we are constantly responsible for a 
multitude of other beings in the community. Levinas mentions that this 
individuation must occur ‘before any assumption of … similarity’.43 
Furthermore, regardless of whether or not Nancy adequately accounts for the 
other, he also never properly discusses how limit and the sharing of finitude 
are experienced by the singular beings of the community. Nancy’s argument 
could be seen as maintaining alterity between community members. A 
singular being, for Nancy, is ‘always other’44 in this sharedness, and in this 
‘sharing’, Secomb claims that Nancy emphasises the limit ‘between self and 
other and the differentiation of self and other’.45  
 
Nancy’s goal in an unworking of community prescribes a lack of similarity – 
to experience community, there must exist a fundamental ‘resistance to 
immanence’46 between the singular beings of the community, and thus, a 
refusal to be similar. In this goal, it may suffice to say that the singular being in 
                                                 
40 S Critchley, Ethics, politics, subjectivity: Essays on Derrida, Levinas, and contemporary French thought, Verso, London, 1999. 
41 Secomb, p. 142.  
42 ibid. 
43 E Levinas, Totality and infinity, trans. R Cohen, Duquesne University Press, Pittsburgh, 1969. 
44 Nancy, The inoperative community, p. 28.  
45 Secomb, p. 142. 
46 Nancy, The inoperative community, p. 35.  
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Nancy’s community falls somewhere between the two poles of the Cartesian 
subject47 and the quasi-divine, ‘concealed’48 other of Levinas.  
 
The second problem is more general. In that Nancy’s argument is written at a 
high level of abstraction, it is generally applicable to any given instance of 
community. However, it is difficult to see its prescriptive value when dealing 
with concrete political situations. Nancy’s argument is deconstructive – but 
this should not excuse it wholly from condemnation for not providing an 
alternative. For example, Nancy mentions that there has always been 
resistance to an immanent community, but the nature of this resistance is 
never made clear. Nancy mentions several historical precedents of the 
manifest mythic community, but includes no real ideological basis as to how 
his philosophy should be implemented in the political world.  
 
However, these reservations do not mean that his argument is in fact 
inapplicable: it has great relevance in deconstructing the rhetoric-laden 
mythologising of the community in modern politics, and of the wider goal of 
immanentism in the political sphere. In its new approach to community, and 
what Critchley describes as its ‘ambition’, Nancy’s argument is both audacious 
and convincing. 
 
II: THE RELEVANCE OF THE INOPERATIVE COMMUNITY 
 
While not specifically aligned to political institutions, Nancy’s argument is in 
theory widely applicable to politics. It is clear, for example, that it rejects both 
social contractarian and totalitarian models of government. For the purposes 
of this essay, however, I have limited the ethical and political questions to 
which Nancy’s argument could be applied to the realm of Australian politics, 
using the case example of how Nancy’s idea of an inoperative community 
could be applied to Aboriginal Reconciliation. 
 
Australia has a history of immanentism. The acts of massacre and 
dispossession that occurred in the earliest days of European settlement in 
Australia were expressions of the need for unity, a goal that is seen as being 
achieved through the destruction of difference. The push for commonality 
turned from ‘genocide … into a policy of annihilation through assimilation’: 

                                                 
47 ibid., p. 31. Nancy notes that Descartes, and his subject, knows ‘little, or nothing at all’ about community.  
48 E Levinas, Time and the other, trans. R Cohen, Duquesne University Press, Pittsburgh, 1987, p. 79.  
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difference between indigenous and non-indigenous Australians could be 
destroyed by removing Aboriginal children from their traditional way of life 
and placing them instead in white families, to be educated by and for white 
people.49 Through the White Australia Policy, Australia also maintained its 
commonality by placing an external guard on alterity – in this case, racial – by 
giving preference in immigration to those of European heritage. Even in the 
new, multicultural Australia, ethnic minorities are only tolerated if they 
passively assimilate into Australian culture.50 
 
In place of this ongoing project of removing alterity, I suggest a wholehearted 
embracing of the difference between indigenous and non-indigenous51 
Australia. If we treat the two distinct entities as sharing finitude, in 
encountering one another, there may arise a ‘being-in-common.’ Thus, the 
push for Reconciliation, a term that suggests a lost unity, should not seek to 
create a unified, harmonious community, but should instead focus on 
appreciating the sharing that the two bodies experience in their limitations – in 
the finitude that exists between Aborigines and non-Aborigines as singular 
beings in the fractured Australian community. Australia should no longer seek 
the synthesis of a lost unity, but should instead look to sharing an experience 
of finitude. It should seek to be constantly unworking, and the polity should 
allow space for this practical disunity. In doing so, it will form the fundaments 
of a fractured community, one that is in common, but without commonality.  
 
As a larger goal of Australian society, a system of alterity and resistance must 
be maintained. A political ‘space’ must allow this alterity to exist, so that 
elements that both threaten and affirm52 the community can flourish, with 
appreciation, rather than sublation. Elements of disunity must constantly 
unwork, or in Secomb’s terms, ‘constantly fractur[e]’,53 the unity that would 
create an immanentist, totalitarian community based on a damaging 
commonality.  
 
The body politic – in this case, the Australian polity – must be receptive to 
this resistance: it must become a fluid, accepting body which does not mourn 
the loss of a commonality within the mythic community, or manifest the 
                                                 
49 Secomb, p. 143-144.  
50 ibid., p. 145. 
51 Even these labels represent a false unity, and are used for brevity’s sake.  
52 For Nancy, community is, ‘in a sense, resistance itself: namely, resistance to immanence.’ (The inoperative community, 
p. 35.) 
53 Secomb, p. 143. 
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longing for this commonality in policies designed to destroy alterity. The body 
politic should firstly seek to maintain, or at least not seek to destroy, the 
difference inherent within our community, and secondly realise the value of 
that difference, that ‘resistance to immanence’,54 as vital in keeping any 
community alive. If we refuse to manifest this necessary alterity in keeping a 
community that continually exposes itself to difference, ‘our world, as far as 
politics is concerned, will be a desert, and we will wither away without a tomb 
– which is to say, without community, deprived of our finite existence.’55 For 
if we accept Nancy’s argument, but remain solely focused on manifesting the 
homogeneity of Australia’s mythic past and do not allow for present and 
future difference, the Australian community, as any community, will 
eventually fall apart: ‘It will end because only the familiar will come … If 
community has any future, as Nancy has indicated, that posterity will be an 
unfamiliar work’.56 
 

* * * 
 

                                                 
54 Nancy, The inoperative community, p. 35. 
55 ibid., p. xli. 
56 Donovan, p. 264. 
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CENTRE-BASED CHILDCARE: CAN THE BENEFITS 
OUTWEIGH THE COSTS? 

 

MICHELLE RUSSELL∗ 
 
 

The roles of women in Western society have shifted considerably in recent decades, such that 
an increasing number of women choose to work outside of the home. One consequence of this 
trend is that added pressure has been placed on parents to find appropriate non-maternal 

child care in settings such as day care. By examining key studies in the psychological 
literature, this paper investigates possible positive and negative effects of institutional child 

care on child development. 
 

 
A substantial amount of psychological research in the past three decades has 
been devoted to the issue of institutional child care. Economic restraints and 
the changing role of women in society means that as more mothers 
participate in the workforce, further pressure is placed on parents to seek 
appropriate non-maternal child care. Concerns exist among families and 
researchers for the wellbeing of children who receive routine non-maternal 
care, particularly within group settings such as day care and preschool. A 
child’s socio-emotional and cognitive development appear to stem, at least in 
part, from the security of attachment with, and the sensitivity of, his or her 
mother. The core issue to be examined in this paper is the impact that 
institutional child care can have on attachment and development – that is, 
whether such care can be beneficial to children’s development.  
 
Positive and negative effects of care will be examined as they relate to the 
quantity of time spent in care and the quality of the centre and the caregivers. 
By considering the detrimental outcomes as well as the benefits it will be 
concluded that children in regular non-maternal care can benefit greatly from 
placement, provided the time spent in institutional care is moderated and the 
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parents carefully consider the various aspects of the centre’s quality. The 
formation of a child’s attachment style must first be addressed so as to 
elucidate the mechanisms by which child care affects development. 
 
Attachment theory was originally proposed to explain reunion behaviour 
between infants and mothers.1 It was stated that healthy development and 
positive relationships would ensue if ‘the affiliation between the infant and 
caregiver had a good and steady quality, so that felt-security was high’.2 Babies 
thrive in warm, early and continuous relationships with their caregivers, to 
whom they develop trust and a sense of attachment.3 The security of this 
attachment, which shapes a child’s relationships with his or her parents, 
caregivers and peers and helps to determine socio-emotional and cognitive 
abilities, is strongly dependent on the sensitivity and enthusiasm of a parent’s 
responses.4  
 
High maternal sensitivity has been demonstrated to significantly predict 
greater attachment security at 15 months, competent peer interactions at 24 
and 36 months, and higher language and intelligence scores at 36 months.5 
High attachment security and less difficult temperaments were also found to 
be linked to increased maternal sensitivity and involvement.6 The trust infants 
build through interaction with warm, sensitive and involved caregivers 
provides a basis for their future development. Brazelton suggested that a 
critical phase has to exist for the parent-infant relationship to develop. The 
mother and baby learn how to respond to each other via the exchange of 
verbal and non-verbal signals (such as smiles) and the infant begins, in the 
fourth month, to develop a sense of autonomy. The mother may not feel 
completely attached to her infant if these stages are undertaken for an 
alternative caregiver; therefore, mothers should spend a significant amount of 
time with their babies during such vital periods of learning.7 
 

                                                 
1 J Bowlby, Attachment and loss vol. 1: Attachment, Basic Books, New York, 1969. 
2 American  Psychiatric Association (APA) Task Force on Day Care for Pre-School Children, ‘Day care for early 
preschool children: Implications for the child and family’, APA Official Actions, American Journal of Psychiatry, vol. 
150, 1993, pp. 1281-1287 at p. 1282. 
3 TB Brazelton, Working and caring, Addison-Wesley, Reading, Massachusetts, 1985. 
4 APA Task Force; H Steele, ‘State of the art: Attachment theory’, Psychologist, vol. 15, 2002, pp. 518-522. 
5 PH Dworkin, ‘Families matter – even for kids in child care’, Journal of Developmental & Behavioral Pediatrics, vol. 24, 
2003, pp. 58-62. 
6 Y Caldera & S Hart, ‘Exposure to child care, parenting style and attachment security’, Infant & Child Development, 
vol. 13, 2004, pp. 21-33. 
7 Brazelton. 
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An extensive amount of the literature favours the view that a great quantity of 
time spent in child care is detrimental to a child’s development. Long hours 
of routine care, especially if initiated early in life and continued over several 
years, could be detrimental to a mother’s sensitivity to her child and therefore 
weaken attachment security. Parents require ample time to communicate and 
be involved with their child to learn about his or her behaviour rhythms.8 The 
findings from a 2004 study by Caldera and Hart reveal an interaction between 
hours of care and maternal sensitivity. As time in child care increased, high 
levels of maternal sensitivity were associated with low attachment security, 
strengthening the view that extensive hours in care can undermine the 
potency of parenting efforts.  
 
Children spending longer hours in centre-based care were reported as having 
lower ratings of learning competence and displaying problems with attention 
and interest.9 A longitudinal study by the National Institute of Child Health 
and Human Development (NICHD) in 2003 revealed that a greater number 
of hours spent in centre care over the first four and a half years of life 
predicted less social competence and more externalising problems such as 
teacher-child conflict from mother, caregiver and teacher reports at 54 
months. The study also found that the more hours children spent in care per 
week in the first six months of life, the more likely they were to exhibit 
behaviour problems at 54 months of age. This suggests that a child’s later 
social adjustment is highly contingent on early experiences in child care.  
 
Further results from this study, however, appear contrary to this perspective, 
supporting the alternative notion that increased hours in institutional child 
care are not detrimental to child development – in fact, such levels of care can 
be beneficial. Low maternal sensitivity was correlated with high attachment 
security as the hours in care increased. It is suggested that time spent in centre 
care may indeed compensate for parenting of lower quality.10 Other research 
also shows that many hours spent in care of high quality can benefit children. 
For example, the Early Head Start Program in the U.S. examined children 
whose regular amount of time in centre care was high – at least 30 hours per 

                                                 
8 National Institute of Child Health and Human Development (NICHD) Early Child Care Research Network, ‘Does 
amount of time spent in child care predict socioemotional adjustment during the transition to kindergarten?’, Child 
Development, vol. 74, 2003, pp. 976-1005. 
9 J Love et al., ‘Child care quality matters: How conclusions may vary with context’, Child Development, vol. 74, 2003, 
pp. 1021-1033. 
10 NICHD Early Child Care Research Network. 
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week – but the standards of care were also high.11 In contrast to the results of 
the NICHD study, these children displayed proficient socio-emotional 
competence, improved cognitive and language abilities, and low levels of 
aggressive behaviour at 24 and 36 months. Clearly, centre care of superior 
quality may moderate any possible detrimental outcomes that long hours 
could generate. The social environment of child care centres may be an 
important factor through which this occurs.  
 
It is claimed that extensive time in the first years of life in centre care provides 
more opportunities to gain experience with peers and hence aid the 
development of social competence. Children who remain with the same peers 
for a longer period of time tend to become both peer- and adult-oriented and 
are less solitary.12 According to Howes, the social interactions and friendships 
of young children follow specific sequences of development, with early social 
behaviours predicting future social abilities. Toddlers and preschoolers who 
had experience with peers were found to be more socially competent in 
subsequent years of care compared to those children who entered centre care 
at a later time.13  
 
Although the quantity of time spent in child care centres is certainly a 
significant determinant of a child’s social and cognitive wellbeing, the very 
nature of institutional child care may provide further answers. The various 
aspects of a centre’s quality have been shown to mould the structure of a 
child’s environment, in which high sensitivity and involvement of caregivers 
foster secure attachment relationships. The stability of caregivers, peers, and 
patterns of care; the training of centre staff; and the ratio of staff to children 
in their care constitute the most important characteristics of centre care that 
define quality in terms of positive child outcomes. Poor levels of 
development that are often reported in studies on centre care14 often coincide 
with low standards of quality. 
 
Studies indicate that care quality is highly dependent on the ratio of the 
number of children to the number of caregivers, and the training and skills 
possessed by the centre staff. Low quality is associated with high infant-to-
                                                 
11 Results reported in Love et al. 
12 J de Schipper et al., ‘The relation of flexible child care to quality of center day care and children’s socio-emotional 
functioning: A survey and observational study’, Infant Behavior & Development, vol. 26, 2003, pp. 300-325. 
13 C Howes, ‘Peer interaction of young children’, Monographs of the Society for Research in Child Development, vol. 53, 1988, 
pp. 1-78. 
14 For example, see Love et al. 
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caregiver ratios, where there is little individual attention given to each child, 
and with minimum training or standards for the caregivers to follow.15 Love 
et al. compared the quality of child care systems in three countries: Israel, 
Australia and the U.S. Research on non-maternal care in Israel reported an 
average infant-to-caregiver ratio in centres of 8:1. The child care system is not 
given adequate awareness in Israel and the centres are of poor quality. 
Correspondingly, the rate of secure child-mother attachments was low: 54 per 
cent among 15-month old children in centres, maternal sensitivity 
notwithstanding.16  
 
In Australia and the U.S., however, two intervention programs implemented 
care of high quality: the Sydney Family Development Project (SFDP) in 
Australia, and the Early Head Start Program in the U.S. Standards of quality 
were met that included minimum child-to-staff ratios and child care 
qualifications. The ratios used in the SFDP were 5:1 for children under two, 
8:1 for two- to three- year olds, and 10:1 for three- to five- year olds. The rate 
of attachment security for one-year-olds in centre-based care was 63 per cent, 
whereas for children in informal settings (such as cared for by relatives) the 
rate was only 56 per cent. Higher learning competencies were also reported 
for children in centre care. The U.S. program maintained a child-to-staff ratio 
of 4:1 and demonstrated beneficial impacts on socio-emotional, cognitive and 
language development for children at 24 and 36 months of age.17     
 
De Schipper et al.’s study on flexible child care found that when the total 
number of staff in charge of a group was higher, more positive caregiving 
behaviour was exhibited. This particular study also revealed a link between 
strong caregiver sensitivity and long-term caregiver stability. Children develop 
well socio-emotionally if centre staff provide stimulating, individual attention 
to each child where their needs are realised through continuous interaction. 
An example of such positive care is discernible in the SFDP and the Early 
Head Start Program and reiterated in a study based within Irish playgroups.18 
  
The Irish study examined a 120-hour training program that continued over 
the course of six months. Trained caregivers displayed higher levels of 
                                                 
15 Brazelton; APA Task Force. 
16 Love et al. 
17 All figures reported in Love et al. 
18 S Rhodes & E Hennessy, ‘The effects of specialized training on caregivers and children in early-years settings: An 
evaluation of the Foundation Course in playgroup practice’, Early Childhood Research Quarterly, vol. 15, 2000, pp. 559-
576. 
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sensitivity and involvement compared to their non-trained counterparts. The 
children attending centres of trained caregivers made significant 
improvements in complex social and cognitive play compared to those in the 
untrained group. The results obtained are particularly noteworthy given the 
fact that these caregivers had on average six years of child care experience, 
and the children were all aged between three and a half and four years old – a 
time of expected maturity.19 Clearly, stable, nurturing caregivers who respond 
positively to the needs of children and actively stimulate their development 
can contribute greatly to the healthy socio-emotional and cognitive growth of 
the children in their care.  
 
Research strongly suggests that children who undergo non-maternal care in 
centres with low stability develop low socio-emotional adjustment. Patterns 
of unstable care over time, such that the child is exposed to various caregivers 
and centres for an extended period, predict increased conduct problems, 
teacher-child conflict and weak social skills.20 Instability in care arrangements 
– in which several child care settings are simultaneously utilised – is also 
associated with decreases in infant happiness and wellbeing.21 Children need 
consistency in caregivers and the care environment to attain a focus for 
attachment and to develop ‘emotional resourcefulness or social 
competence’.22  
 
The daily stability of child care further influences mother-child attachment 
and social adjustment. Flexible day care is a form of care that consists of 
varied hours and staff to facilitate non-standard working hours of parents. As 
such, it is linked with less stability of daily caregivers, peers and routines. De 
Schipper et al. found that as the daily variety increases, children feel less at 
ease in day care and display less compliance towards caregivers. The same 
children were observed within child care settings a year and a half later to test 
the consequences of long-term flexible care. It was revealed that higher levels 
of daily stability were linked with less positive caregiving, and lower daily 
stability with more positive care.23   
 

                                                 
19 ibid. 
20 Love et al. 
21 De Schipper et al. 
22 Love et al., pp. 1024-5. 
23 De Schipper et al. 



Cross-sections: Volume I 2005 

 

100 

These outcomes at first seem to contradict the study’s initial findings that 
daily instability generates less social competence, given the evidence that 
sensitive, positive care elicits secure attachments and sound social 
development.24 Two possible explanations are proposed. First, since daily 
instability can lead to poorer attachment quality and lower socio-emotional 
proficiency, caregivers may attempt to compensate for this by providing more 
positive care. An alternative reason highlights the fact that the second part of 
the study was undertaken one and a half years after the first, and that 
flexibility of care was associated with both lower daily stability and long term 
continuity of care.25 Children who received flexible – hence, long-term - care 
were able to develop sustained relationships with their caregivers prompting 
more sensitive care and thus offsetting the detrimental effects of low daily 
stability encountered in the first set of results.  
 
It is suggested that these children may develop securely attached relationships 
to caregivers who provide stable, continuous care. Although De Schipper et 
al. reported that greater levels of daily stability enhanced wellbeing and 
happiness, the benefits that child care can provide were more palpable when 
long-term stability was examined. A lower turnover rate of centre staff was 
related to higher quality care, as discerned by the fact that caregivers who 
were continually present were more sensitive to the child’s needs and became 
involved with, and therefore stimulated, his or her socio-emotional and 
cognitive development. A child will develop a healthy attachment style if the 
time spent with a particular person nurtures their emotional growth within a 
long and unvaried period.26 It is also likely that competent social functioning 
in children elicits positive responses from parents and other caregivers, 
leading to better attachment security.27 Indeed, children who are recognised as 
more difficult in their temperament receive less positive caregiving in child 
care centres.28 
 
Peer relationships also play an important role in children’s social 
development. This may be observed not only in the duration and onset of 
peer experiences but also by their stability. Toddlers acquire competent social 
skills within stable friendships, thus leading to increased positive interactions 

                                                 
24 Caldera & Hart. 
25 De Schipper et al. 
26 ibid. 
27 Caldera & Hart. 
28 De Schipper et al. 



Centre-based Childcare – Can the benefits outweigh the costs? – Michelle Russell 

 

101

and more complex and responsive play. Stability is derived from months of 
experience with particular peers and generates strong emotional attachment. 
For example, a child may become distressed if his or her friend leaves the 
child care centre. Children who move to a new group of children tend to 
become less socially developed, and those of preschool age find it more 
difficult to enter play groups.29 Considering that early social abilities pave the 
way for future development, the importance of preserving stable peer 
relationships seems clear. 
 
The various arguments supporting or opposing the placement of young 
children in institutional child care are complex and incorporates many factors. 
Choosing appropriate non-maternal care involves attempting to maximise the 
chance of a healthy parent-child attachment, enhancing the child’s socio-
emotional and cognitive growth, while also fitting in with the characteristics 
of the family itself. The debate as to whether such child care can be beneficial 
to a child is not easily resolved, given the availability of evidence that supports 
both sides. 
 
A cautious solution is proposed, however, in that if certain conditions are 
adopted, children can indeed benefit from time in such child care as day care 
centres and preschool. The term ‘cautious’ is used as these restrictions are not 
always freely available – centres of high quality generally come at a high cost. 
The time spent in care should be monitored, and the child should be kept in 
parental care for the first six months of life as much as possible. These 
precautions are necessary to allow the child’s parents, the mother in 
particular, to spend time with the infant in important stages of development. 
Although evidence suggests that quality care can alleviate negative effects of 
insensitive mothering, increased time with one’s child can improve maternal 
sensitivity as a mother learns how to respond to and interact with her baby. 
Poor quality care may also disturb parent-child attachment, hence this 
possibility is lessened if children have already developed a secure attachment 
to their parents and are given the opportunity to continue this bond. 
 
Further conditions pertain to the quality of the care that is sought. The daily 
stability of the centre should be high and the child needs to experience 
continuity in both caregivers and peers to develop trust, secure attachments 
and social skills. Sufficient numbers of caregivers must be available in the 
                                                 
29 Howes. 
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centre so that individual care to each child is provided, and the staff should 
possess relevant qualifications. Children require social and cognitive 
stimulation in a warm, stable and responsive atmosphere. Caregivers need to 
provide positive, individual attention to the children in their care so as to 
enrich a child’s capacity to form securely attached relationships with his or 
her parents, caregivers and peers.  
 

* * * 
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THEORY BIAS AND CULTURAL INTERPRETATION IN 
ETHNOGRAPHIC DATA; IS ANTHROPOLOGY SCIENCE? 

 
THOMAS SWANN∗ 

 
 

Does the empirical discipline of anthropology qualify as a science? By analysing the methods 
used by anthropologists to gather ethnographic data, it can be seen that their theoretical pre-

conceptions have much room to threaten the scientific authority of their data. This essay 
investigates the 'theory-ladenness of observation', a general problem in philosophy of science 
that becomes exacerbated in disciplines such as anthropology that are so proudly reliant on 
intuition, determining that the methods of both interpretive and scientific anthropology are 

valid and useful so long as their distinction is made explicit. 
 

Malinowski … was greatly concerned with the rhetorical problem 
of convincing his readers that the facts he was putting before 
them were objectively acquired, not subjective creations.1 

  
Anthropology,2 literally ‘the study of humans’, is essentially an empirical 
discipline. It aims to study the societies and cultures that really do exist in the 
world. At face value this would make it seem like an obvious contender for 
scientific status, as a discipline that studies things with objective existence in a 
putatively objective fashion. However, some unique qualities of the discipline 
raise issues for its objectivity and thus its scientific status, many of which are 
related to the complicated relationship between data and theory. Whereas 
much of ‘hard’ science occurs within a reductionist framework, anthropology 
is stridently holistic; rather than studying parts of a culture in isolation, it tries 
to understand how and why cultures exist by considering all relevant details. 
This goal is pursued through ‘participant-observer fieldwork’, an intensively 
intellectual and emotional method that instils in anthropology a sense of 
                                                 
∗ Thomas Swann is in his first year of a Bachelor of Philosophy (Arts) degree at the 
Australian National University and is a current resident of Bruce Hall. 
1 J Clifford, The predicament of culture: Twentieth-century ethnography, literature and art, Harvard University Press, Cambridge, 
Massachusetts, 1988, p. 29. 
2 In this essay, ‘anthropology’ means socio-cultural anthropology, as in common Australian usage. 
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authority with respect to the data collected.3 While holism and fieldwork are 
not anti-scientific per se, their primacy in anthropology does place emphasis on 
intuitive modes of understanding. This in turn serves to exacerbate issues 
regarding the relationship between theory and data, issues that have been 
central to modern philosophy of science and concern science in general. I will 
explore these issues through famous examples of conflict in ethnographic 
literature. Many different approaches to these problems have been proposed, 
leading to vastly divergent stances on whether anthropology is to be 
considered scientific, whether it can be, and whether this is in fact desirable.  
 
The word ‘scientific’ is philosophically and rhetorically complicated.4 As such, 
it will have to suffice to roughly define science as the strategy for gaining 
empirical knowledge about the world, consisting of hypothesising causal 
relationships and verifying or refuting these with reference to observation. 
These observations are captured in ‘data’, a word suggesting technical, 
quantitative measurements that give observations an objectified authority as 
the basis for knowledge. Data in this sense do feature in ethnography in the 
form of genealogical surveys, nutritional analysis, DNA sampling and so on. 
But ethnographies are mostly based on ‘formal techniques’ as well as 
descriptive information gained through ‘unstructured participant 
observation’.5 This is the broader, qualitative sense of ‘data’ with which 
anthropology, and thus this essay, is concerned. 
 
How do ethnographic data vary with the ethnographer’s theoretical 
orientation? The most evident answer is that anthropologists placing 
theoretical import on one element of a society are going to collect data that 
are more directly relevant to that element than to another. One famous 
illustration is the feminist anthropologist Annette B. Weiner’s account of the 
Trobriand islanders, in which she criticised Malinowski’s Argonauts of the 
Western Pacific (1922) for presenting a view suggesting that women ‘never 
played any economic role’ in Trobriand society.6 Malinowksi had conceived of 
his ‘functionalist’ account of Trobriand society as truly holistic, capturing all 
the functional inter-relationships of all their different practices and 
institutions. However, Weiner augmented Malinowski's work by filling in 
                                                 
3 JL Peacock, ‘The future of anthropology’, American Anthropologist, New Series, vol. 99, no. 1, 1997, pp. 9-17 at p. 11. 
4 P Godfrey-Smith, Theory and reality: An introduction to the philosophy of science, The University of Chicago Press, Chicago, 
2003, p. 3. 
5 TH Eriksen, Small places, large issues: An introduction to social and cultural anthropology, Pluto Press, London, 1995, p. 15. 
6 AB Weiner, The Trobrianders of Papua New Guinea, Case studies in cultural anthropology, Holt, Rinehart & Winston, 
New York, 1987, p. 27. 
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knowledge of Trobriand islanders that he had neglected due to 
preoccupations with other aspects of that society (as well as his gender, which 
probably restricted what he could observe).7 
 
In this example, very different data were collected from the same society; yet 
the data themselves were not in conflict. Contrasting but non-contradictory 
ethnographic data, such as the case of Weiner and Malinowski, do not 
necessarily mean that any epistemic issues are at hand. It may be argued that 
having different anthropologists study a society from different perspectives 
enables us to work towards a more ‘holistic’ understanding of that society. 
For example, we could say that Weiner augmented Malinowski’s account, but 
did not falsify its content, rejecting only the pretence that it was ‘complete’.  
 
But what of cases where data do indeed contradict? Consider the example of 
Mead and Freeman. Renowned anthropologist Margaret Mead conducted 
fieldwork on adolescents in Samoa in order ‘to find out whether the 
difficulties of adolescent girls are due to physiological changes which occur at 
puberty or to the civilization in which they grew up’.8 Her data portrayed 
Samoa as a ‘peaceable, sexual paradise’.9 Derek Freeman, based on data from 
his own fieldwork in Samoa, plainly contradicted Mead’s conclusion, instead 
depicting the lives of teenage Samoans as rebellious and even sexually violent. 
He criticised Mead and her mentor Boas for, among other things, allowing 
preconceptions of ‘unqualified cultural determinism’ to interfere with the 
collection of data.10 
 
Freeman’s criticisms sparked a number of long lasting rows in the 
anthropological literature, not least concerning the validity of Freeman’s 
criticisms themselves.11 Mead’s theoretical perspective did indeed emphasise 
the cultural, and this no doubt influenced her ethnographic data, although 
claims of ‘cultural determinism’ may be going too far. On the other hand, 
Freeman’s perspective emphasised the biological, and criticisms of flirting 
with biological determinism could be and indeed have been directed his way. 

                                                 
7 EA Schultz & RH Lavenda, Cultural anthropology: A  perspective on the human condition, Mayfield Publishing Company, 
London, 1995, p. 47. 
8 D Freeman, ‘Holmes, Mead, and Samoa’, American Anthropologist, vol. 91, no. 3, 1989, pp. 758-762 at p. 758. 
9 PA Erickson & LD Murphy, A history of anthropological theory, 2nd edn, Broadview Press, Peterborough, Ontario, 
2003, p. 81. 
10 Freeman, p. 758. 
11 M Marshall, ‘The wizard from Oz meets the wicked witch of the east: Freeman, Mead, and ethnographic 
authority’, American Ethnologist, vol. 20, no. 3, 1993, pp. 604-617 at p. 604. 
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More significant than this, however, is the fact that Freeman conceived of his 
work as a falsification of Mead’s, and thus as inherently scientific. But if both 
accounts contradict, both court contrasting determinisms, and both attract 
criticisms, then which is correct? The historical details of the Mead-Freeman 
case are too murky to elaborate here; for our purposes it will suffice to 
consider this controversy in so much as it epitomises the epistemic issue of 
‘theory-ladenness of observation’.  
 
Scientific knowledge is often portrayed as ‘objective’ because it has its basis in 
the ‘theory-neutral’ testing criterion of being ‘held up to’ observation of the 
world. However, there are a number of senses in which prior theory can be 
said to influence observational data, the phenomena known as ‘theory-
ladenness’. The first is that theory typically guides and focuses our 
observations. The second sense in which theory can influence data is that it 
determines the language we use to describe our observation experiences. The 
third, and perhaps the most significant, is that theory, and, specifically in the 
case of human sciences, cultural biases, can shape our observational 
experiences themselves.12 The issue of theory-ladenness of observation, 
illustrated in Malinowski-Weiner and brought to crisis in Mead-Freeman, 
threatens the scientific status of ethnographic knowledge. How can data be 
scientifically sound if they are contaminated by preconceptions?  
 
In the first case of theory guiding the search for data, this seems to contrast 
somewhat with anthropology’s claim to holism. However, the data themselves 
need not be seen as contaminated, and could be seen as privileged. For 
example, for whatever reason Malinowski ignored the economic role of 
female Trobriand islanders, Weiner’s feminist perspective directed her to just 
that element of Trobriand society, giving us in the end a more holistic view. 
Perhaps then we should treat anthropology’s holism as an unattainable but 
useful research heuristic; in this way we could say that multiple (limited) 
perspectives lead us towards a greater holistic understanding of the subject 
society.  
 
Yet, even so construed, holism provokes epistemological issues. James 
Clifford states that the ethnographer should aim to ‘get at the whole through 
one of more of its parts’, and to take parts of a culture as being ‘microcosms 

                                                 
12 Godfrey-Smith, p. 158. 
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or analogies of wholes’,13 but this gives little indication as to how or on what 
grounds we can do so. Is it the case that ‘the ethnographer must imagine 
[emphasis added] the “whole”, and convey this imagination of wholeness to 
his reader’?14 There is certainly a central role for imagination in empirical 
endeavours – a position famously embodied in Feyerabend’s anarchic 
methodological statement: ‘anything goes’.15 Yet surely this imaginative 
element should not interfere with the criterion of empirical verification or 
refutation?16 If the anthropological imagination is left unfettered by reference 
to observation of what actually exists, then it can hardly be called scientific. 
No anthropologist would claim that this describes their work, but precisely 
where the empirical observation stops and imagination begins is usually very 
obscure. 
 
Admittedly, the same kinds of argument also threaten the physical sciences; 
the concept of theory-ladenness first arose in such contexts, and the 
ambiguous faculty of imagination is central to construction of physical 
theories.17 However, there are differences that make anthropology more 
vulnerable. One of the ways in which theory-ladenness is managed in physical 
science is through repeated and varied experimentation under controlled 
conditions. While structured quantitative methods are being increasingly 
utilised in ethnographic research,18 most ethnographic data are still 
extrapolated from the participant-observation experiences of a small number 
of fieldworkers, and in ways that cannot always be scrutinised. Yet other 
kinds of research of a culture are either completely impractical, would alter 
the subject under study, or would miss the salient elements. In response to 
such limitations, many encourage the prominent place in anthropology for 
intuitive ‘rules of thumb designed to resolve ambiguities’ in the observation of 
cultural phenomena.19 These theorists believe that the subjectivity of 
                                                 
13 Clifford, p. 31. 
14 RJ Thornton, ‘The rhetoric of ethnographic holism’, Cultural Anthropology, vol. 3. no. 3, 1988, pp. 285-303 at p. 285. 
15 P Feyerabend, Against method, rev. edn, Verso, London, 1988, p. 19.  
16 Godfrey-Smith, p. 116. 
17 A physical science example: if we were to undertake study of, say, electrons, we would be utilising a large body of 
theory about what electrons are, what they do, how they manifest observable phenomena, and so on. This theoretical 
knowledge would greatly inform our experimental set up, our expectations in recording results, and our 
conceptualising of conclusions. But if theory precedes data in this way, how can we call it scientific? Yet theory-
ladenness is in fact pervasive throughout all thought and language. When we say ‘table’, we are expressing a concept 
with certain content that is evoked by certain sensory inputs, a concept that exists somewhat independently of any 
specific instance of a table, and will influence our response to a table when presented with one. My concept of table 
is very different to that of a person who has never come into contact with one before; this means that our responses 
to the same objective object, the table, will be very different. 
18 DE Hunter & P Whitten, The study of anthropology, Harper & Row Publishers, New York, 1976, p. 3. 
19 Schultz & Lavenda, p. 46. 
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ethnography should be viewed ‘not as a necessary evil but as central to [the 
ethnographer’s] method’20 and that personal characteristics such as 
‘imagination, intuition, intellectual flexibility’ should not be shunned because 
‘they cannot be standardized or operationalized’, but actually embraced for 
their ethnographic potency.21 But in framing its research with such emphasis 
on intuition, and neglecting empirical verification and refutation, it seems as if 
anthropology is giving up its chances of a scientific status.   
 
In fact, there has been a trend in the last three decades to actively portray 
anthropology as an anti-scientific discipline. This trend is most radically 
embodied in the ‘interpretive’ school of thought, which originated with 
Geertz’s conception of culture as an ‘ensemble of texts’ to be interpreted in a 
way similar to the ‘literary text’.22 Such an approach sees the ethnographers 
immersing themselves in the foreign ‘web of culture’, an unstructured process 
enabling that culture to be ‘seen’ and for ‘thick descriptions’ of it to be 
given.23 The reasoning is that ‘no sovereign scientific method or ethical stance 
can guarantee the truth’ of a particular understanding of a culture,24 that ‘an 
empirical science of human affairs is impossible … interpretation alone is 
possible’.25  
 
Interpretive anthropology forms a prominent vanguard of a general 
movement in social sciences and humanities labelled ‘postmodernism’, which 
‘has been defined as assault on metanarrative’.26 Science, being a dominant 
‘metanarrative’, has faced much criticism from postmodernists, who have 
emphasised the ways in which scientific knowledge is socially constructed, 
therefore arguing that it is itself entirely interpretive.27 Postmodern accounts 
of anthropology maintain that there is ‘no privileged position, no absolute 
[‘scientific’] perspective’ 28 from which to study subjective phenomena such as 
cultural meaning. Reality is to be ‘negotiated’ through reflexive dialectical 
                                                 
20 ibid., p. 48. 
21 JJ Honigmann, ‘The personal approach in cultural anthropological research’, Current Anthropology, vol. 17, no. 2, 
1976, pp. 243-251 at p. 244. 
22 C Geertz, The interpretation of cultures, Basic Books, New York, 1972, pp. 448 and 452. 
23 ibid., p. 6. 
24 Clifford, p. 23. 
25 TJ O’Meara, ‘Anthropology as empirical science’, American Anthropologist, New Series, vol. 91, no. 2, 1989, pp. 354-
369 at p. 354. 
26 SP Reyna, ‘Literary anthropology and the case against science’, Man, New Series, vol. 29, no. 3, 1994, pp. 555-581 
at p. 555. 
27 JH Fujimura, ‘Authorizing knowledge in science and anthropology’, American Anthropologist, vol. 100, no. 2, 1998, 
pp. 347-360 at pp. 355-356. 
28 P Rabinow, Reflections on fieldwork in Morocco, University of California Press, Berkeley and Los Angeles, 1977, p. 151. 
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dialogue with members of the subject culture; theory-ladenness is therefore 
encouraged. Consequently, many such anthropologists have aimed to jettison 
scientific epistemologies from the discipline. Some anthropologists have even 
taken the postmodern perspective to the extremes of criticising the physical 
sciences as well, such as the claim that ‘scientific thought is an archaic form of 
consciousness surviving for a while yet in degraded form’.29 
 
Not all anthropologists who are sympathetic to interpretive approaches are 
quite so vitriolic about science. Nevertheless, the postmodern perspective, 
when pursued to its logical ends (as it is in interpretive anthropology), does 
entail a radically relativistic epistemology. Denial that ‘ethnographic “facts” 
recorded by anthropological observers in the field have some kind of 
objective reality’30 seems to disallow the refutation of any particular 
ethnography. Hence we are forced into a position where, to return to the 
previous illustration, both Mead and Freeman ‘captured a Samoan truth, but 
not the Samoan truth’.31 This is not to argue ‘that two contradictory 
statements about social phenomena … can both be the “truth” ’;32 it is, in fact, 
to deny any claim to epistemic authority whatsoever, arriving at a nihilism 
where ‘it is agents with the ability to make the most noise who tend to 
prevail’.33 Some interpretive anthropologists seem embarrassed about this, 
while others, such as Tyler, actually encourage it. 
 
Supporters of scientific anthropology have retaliated to the postmodern 
quagmires generated by these arguments. First of all, such criticisms of 
science are said to be an ‘overreaction to earlier characterizations of empirical 
science that were too restrictive’.34 No philosopher of science would claim 
that science provides absolute ‘truth’, or that observation is from a purely 
objective, theory-neutral perspective; yet all maintain that empirical science is 
the best way to study the world. Secondly, many of the arguments for the 
abandonment of scientific ideals are dubious: Geertz provides minimal actual 
criticism of science, while Tyler’s criticism suffers from numerous fallacies.35 
                                                 
29 S Tyler, The unspeakable: Discourse, dialogue, and rhetoric in the postmodern world, University of Wisconsin Press, Madison, 
1987, p. 200. 
30 ER Leach, ‘Glimpses of the unmentionable in the history of British social anthropology’, Annual Review of 
Anthropology, vol. 13, no. 1, 1984, pp. 1-23 at p. 22. 
31 N Scheper-Hughes, ‘The Margaret Mead controversy: Culture, biology and anthropological inquiry’, Human 
Organization, vol. 43, no. 1, 1984, pp. 85-93 at p. 90. 
32 Fujimura, p. 355. 
33 Reyna, p. 576. 
34 O’Meara, p. 355. 
35 Reyna, p. 556. 
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Thirdly, arguments based on ‘the inherent subjectivity of culture’ do not 
necessarily make culture beyond empirical science. The difference between a 
wink and blink may be context-dependant in meaning, but we can study those 
contexts in order to understand the difference. Likewise, although we never 
experience someone else’s anger, we do know they are angry when they act a 
certain way in certain contexts, and choose our own actions accordingly.36 
This is an (admittedly simplistic) example of the kind of causal prediction that 
interpretive approaches deny in the study of cultural meaning. If cultural 
meaning is further beyond the grasp of the scientific anthropologist than of 
the interpretive anthropologist, it is not for any reason other than the abilities 
of human intuition to make sense of complicated cultural patterns.  
 
That anthropology is an empirical discipline might seem enough to attribute it 
the status of being ‘scientific’, and in many senses this holds. However the 
unique nature of the discipline, striving towards holism via participant-
observer fieldwork, places so much emphasis on the interpretive faculties of 
the individual researcher that issues of theory-ladenness cannot be managed 
in the same ways as in the physical sciences. We are thus drawn to question 
just how much the theories of each anthropologist influence his or her 
observational experiences, accounts, and analyses. This question is again 
ultimately an empirical one, and it suffers the same problems in regards to the 
ambiguities and tensions between objectified, scientific study and intuitive 
interpretation. It is for this reason that I will settle for a more philosophical 
and less factual account of anthropology. 
 
I do not think that the interpretative school is justified in chasing science 
from anthropology, let alone attempting to undermine the physical sciences 
themselves.37 On the other hand, even though there is no in principle reason 
why culture could not be understood in a purely scientific fashion, such an 
approach would be grossly impractical38 and would remain incomplete.39 This 
guarantees the interpretive approach a very valuable place in anthropology, 
but it also provokes a number of questions. First of all, how can an anti-
scientific interpretive approach be saved from epistemological nihilism? If this 
task is achieved, then how can a discipline be both scientific and anti-
                                                 
36 O’Meara, p. 355. 
37 The very same physical sciences which developed the lights, transportation, communications devices and so on 
that those anthropologists no doubt use. 
38 Study of culture with recourse to repeated controlled experiments seems not only ludicrously infeasible but totally 
unethical. 
39 We still have no idea just how felt ‘meaning’ is derived from physical neural networks.  
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scientific, and is it possible to combine the two elements within one 
ethnography? If anthropology is to be partially scientific, which I take to be a 
greatly desirable goal, then it seems that anthropologists must strive to 
separate and explicate those elements to be taken as scientific, along with any 
supporting evidence, from those which are interpretive. Such management of 
epistemic tension will be vital to ensure that anthropology remains both 
holistic and authoritative.  
 

* * * 
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AN ANALYSIS OF WILLIAM BLAKE’S SONGS OF 
INNOCENCE AND OF EXPERIENCE AS A RESPONSE TO 

THE COLLAPSE OF VALUES 
 

TIMOTHY VINES∗ 
 
 

Blake’s Songs of Innocence and of Experience are a much studied part of the 
English canon, and for good reason. Blake’s work depicts a quandary that continues to 

haunt humanity today: the struggle of high-order humanity against the ‘real’ rationality and 
morals of institutionalised society. This essay seeks to explore both Blake’s literary reaction 

to the Enlightenment and the response of early readers to his work. 
 
 

Showing more than ‘the Two Contrary States of the Human Soul’,1 Blake’s 
Songs of Innocence and Experience reveals a symbolic development which existed 
in opposition to conventional concepts of modernity and morality. Blake’s 
writings are an endeavour to loosen or break society’s ‘mind-forg’d 
manacles’,2 which had been created through the edicts of a repressive church 
and supported by Parliament. Blake pointed to what he saw as the traditional 
values lost in the late 18th century. Through his poetry Blake fashioned an 
ideal form of human existence and weighed contemporary society against it. 
He found society wanting. Calling for the liberation of human energy and 
creativity, Blake’s Songs are scathing in their criticism of the prevailing mood 
of enlightenment rationality, a spirit of the age manifested in Newton, 
industry and conquest. Blake’s poems serve to damn those institutions which, 
by their advocacy of this rationality, sought to stifle divine energy with 
oppressive morality. This restrictive morality was anathema to Blake’s concept 
                                                 
∗ Timothy Vines is in his second year of a Bachelor of Laws degree and his third year of a 
Bachelor of Arts degree at the Australian National University, and is a current resident of 
Bruce Hall. 
1 Title page of Songs of innocence and experience, plate 1. All quotes from Songs of Innocence and of Experience (‘Songs’) are 
taken from William Blake, Songs of innocence and of experience, reproduction of Blake’s original illustrated book, ed. with 
intro. and commentary by G Keynes, Rupert Hart-Davis Ltd., London, in association with The Trianon Press, Paris, 
1967. This is an excellent reproduction of the poems in their original engraved setting. 
2 Blake, ‘London’, Songs, plate 46, verse 2, line 8. 
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of the innate divinity of life, and a continuation of the practices which had 
separated man from God. Unity between energy, poetry and God was 
portrayed by Blake as an eternal ‘innocence’ while ‘experience’ came to 
embody that which had led man to fall from Eden – the invasion and 
subsequent enslavement of imagination by reason.3  
 
Songs of Innocence and of Experience represents Blake’s theological and 
mythological development which culminated in a belief system both radical 
and deeply spiritual, causing some to dismiss his works as lunatic rantings.4 
Blake was both poet and artist, and it is a mistake for any interpretation of his 
poems to ignore the central role his engravings played in creating meaning.5 
The bird of paradise is a common image used in Blake’s works to symbolise 
innocence and creative freedom, yet it is only in the pictures accompanying 
Blake’s verse that the reader can observe it. Similarly, ‘experience’ is often 
shown as a dark forest in which mankind finds himself alone and lost. This 
image appears in the background of many of Blake’s engravings:6 it is the 
‘mind-forg’d manacles’ that separate rational man from the idyllic pastures 
which came to represent innocence.  
 
While Innocence was published in 1789, it was not until 1794 that its 
companion Experience was released.7 Indeed, some literary historians have 
argued that Blake, when writing Innocence, did not intend for a latter series of 
antithetical poems to be created.8 Despite being written earlier, Innocence is not 
rendered irrelevant by its sibling, as it contributes equally to Blake’s vision of 
the spiritual and to his critique of the corporal world. In effect, it is by having 
these parallel texts that Blake can respond to the decay in human values. The 
state of purity and childlike perspectives, discussed in Innocence, establishes 
Blake’s ideal condition for humanity. Experience was born out of the political 
troubles – both in England and abroad – which, to Blake, exemplified the 
struggle of spirit against oppression.  

                                                 
3 A Malcolmson (ed.), William Blake: an introduction, Constable Young Books Ltd, London, 1967. 
4 His enemies and critics equated Blake ‘with religious fanatics like Joanna Southcote and lunatics like Richard 
Brothers.’ D Dorfman, Blake in the nineteenth century: His reputation as a poet from Gilchrist to Yeats, Yale University Press, 
New Haven, 1969, p. 16. 
5 Blake’s method of engraving was as ingenious and novel as his style of writing. According to Blake, his brother 
Robert, who died in early 1787, visited him in a dream and told him the correct method to engrave his poems. See 
Malcolmson. 
6 See Blake’s colour plates in Keynes’ reproduction. 
7 To avoid repetition the individual volumes of Songs of Innocence and of Experience will be cited as Innocence and 
Experience respectively. 
8 G Keynes, in Blake, p. xiv. 
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Nonetheless it would be inappropriate to read the two collections in isolation. 
Blake published both Songs in one volume and the thematic development and 
harmony between the volumes and individual poems supports an 
interpretation which treats both Songs as contrasting elements of a single 
discourse. Similarities between Innocence and Experience are most evident in the 
titles of the poems, but this resemblance extends also to the subject matter 
and structure of the verses. Most poems in Innocence have an opposite in 
Experience. Thus the pastoral paradise of ‘The Lamb’ is juxtaposed with the 
industrial furnace of ‘The Tyger’ and the holy unity between man and God in 
‘The Divine Image’ is offset by man’s malice in ‘The Human Abstract’. 
Blake’s poems can be analysed as a response to a collapse in human 
innocence – his maxim ‘every thing that lives is Holy’9 challenging the status 
quo enforced by those who would ‘[bind] with briars … joys & desires’.10 
Blake’s innocence was once possessed by all, when man and God were united 
in a common ‘divine image’.11 All souls in this state of innocence were ‘white’ 
– filled with the light divine.12 Now, however, the new-born babe has 
innocence swiftly stolen by the repressions of an age where children were 
damned to work as chimney sweeps or to morals founded on 
pronouncements of ‘Thou shalt not’.13 
 
Songs of Experience is an account of man’s cruelty and shrewd rationality, 
manifested in humanity’s current condition. It does not seek simply to damn 
humanity, however, as Blake creates a spiritual essence – the ‘Bard’14 – which 
guides individuals towards paradise. The bard calls to Earth and fallen man to 
walk again ‘among the ancient trees’,15 an allusion to the unity that existed 
between God and human in the Garden of Eden. Earth, however, finds itself 
unable to restore divine unity alone as ‘Starry Jealousy’16 has ‘Prison’d [it] on 
watry shore’.17 Throughout Blake’s poetry stars and mills come to represent 
Newtonian – in other words rational – thought, while water is used to 
symbolise chaos. Since its fall, humanity has been stumbling through a dark 
                                                 
9 Blake, ‘A Song of Liberty’, Chorus, in MH Abrams & S Greenblatt et al. (eds), The Norton Anthology of English 
Literature, 7th edn, vol. 2, W.W. Norton & Company, New York, 2000, pp. 82-84 at p. 84. 
10 Blake, ‘The Garden of Love’, Songs, plate 44, verse 3, line 12. 
11 See Blake, ‘The Divine Image’, Songs, plate 18. 
12 See Blake, ‘The Little Black Boy’, Songs, plates 9-10, verses 1 and 2-4. 
13 Blake, ‘The Garden of Love’, verse 2, line 6; see also Blake, ‘The Chimney Sweeper’, Innocence, plate 12, and ‘The 
Chimney Sweeper’, Experience, plate 37. (Equivalent poems with the same title in both volumes will be acknowledged 
as coming from Innocence or Experience accordingly.) 
14 Blake, ‘Introduction’, Experience, plate 30, verse 1, line 1. 
15 ibid., verse 1, line 5. 
16 Blake, ‘Earth’s Answer’, Songs, plate 31, verse 2, line 7. 
17 ibid., verse 2, line 6. 
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forest, Blake’s image for misguided materialism, and is held back from Eden 
by blind reason.18 It remains to humankind to liberate their souls and rejoin 
God in paradise. This will not occur, Blake states, so long as man ‘builds a 
Hell in Heaven[’s] despite’.19 
 
Expressed throughout Blake’s poetry is a theme of unity with the divine. ‘The 
Divine Image’ speaks of ‘Mercy Pity Peace and Love’20 as the forces which 
bind man with God. At our best, argues Blake, ‘Mercy has a human heart’, 
while Pity is revealed in the human face.21 These ‘virtues of delight’,22 
however, have become corrupted by false religions and oppressors of the 
soul. This decay is expressed in ‘The Human Abstract’ where the unifying 
forces of Mercy, Pity, Peace and Love have become tools of repression – 
wielded by hypocritical priests and moralists. Building upon a theme 
developed in ‘The Chimney Sweep’ and ‘Holy Thursday’, Blake contends that 
‘Pity would be no more, / If we did not make somebody Poor’.23 Like many 
Londoners, Blake had witnessed the abject poverty and despair suffered by 
the working classes. Not only was it appalling to see children exploited, but 
this exploitative labour also separated them from God. Confronted by the 
misery of babes, Blake saw little of the purportedly ‘rich and fruitful land’24 
the propertied classes claimed to have created. Blake’s writings in Experience 
are at once a lament for the lost innocence of children and a rebuke to an 
industrialist class indifferent to their suffering, a group whose wealth was 
made from the blood, sweat, toil and tears of impoverished workers. Cut off 
from the divine spirit, the ‘sun does never shine’25 for the children of England 
– the sun a recurring symbol of divine love.  
 
Many, of course, did not share the radical views of Blake and, if his works 
were ever commented on by his peers, their remarks usually reflected the 
tastes of the time. Blake’s writings were viewed as potentially dangerous in a 
time when the established order in England had witnessed the violent 
destruction of the ancien régime across the channel. Blake’s ‘London’ charges 
Parliament with perpetuating the wretchedness of the human condition. 

                                                 
18 For a more detailed examination of Blake’s symbolism see Malcolmson.  
19 Blake, ‘The Clod & the Pebble’, Songs, plate 32, verse 3, line 12. 
20 Blake, ‘The Divine Image’, verse 1, line 1 and verse 2, line 2. 
21 ibid., verse 3, lines 9-10. 
22 ibid., verse 1, line 3. 
23 Blake, ‘The Human Abstract’, Songs, plate 47, verse 1, lines 1-2. 
24 Blake, ‘Holy Thursday’, Experience, plate 33, verse 1, line 2. 
25 ibid., verse 3, line 9. 
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Wherever Blake wanders in London all he observes are ‘Marks of weakness, 
marks of woe’.26 Human creativity and freedom are imprisoned by the ‘mind-
forg’d manacles’ which materialise ‘in every ban’.27  The third stanza of 
‘London’ attacks the Church which, while preaching charity, employs children 
as young as four as chimney-sweeps. These false priests feed these babes only 
enough to keep them alive and then, on Holy Thursday, march them to 
Church and demand pious thanks for their generosity. Blake comes close to 
sedition here when he reproaches the State, on whose walls the blood of 
soldiers runs down.28 This is Blake’s most political poem in Experience yet it is 
matched in forcefulness by ‘The Garden of Love’, where Blake’s rancour is 
directed again at the Church. This poem examines the negation of the divine 
spirit by false priests. Only the human in a fallen state of experience notices 
the Chapel in the garden but, because the ‘gates of this Chapel [are] shut’,29 
there is no hope of salvation. Dressed in ‘black gowns’,30 the priests are 
shown as separated from the divine energy and are therefore both deceivers 
and deceived. It is important to remember that Blake was a ‘complete’ artist 
and his writings need to be interpreted alongside his engravings.31 In Innocence 
those who are united with God – children, poets, spirits – are represented as 
being without clothes. This detail cannot be deduced from the poems alone 
yet it is crucial in understanding Blake’s response to the decay in values. In his 
anti-slavery poem ‘The Little Black Boy’ two naked children, one black, the 
other white, are pictured standing before Jesus. The message is two-fold: first, 
both the black child and the white child are equal in God’s love – expressed 
as God’s heat or ‘beams of love’.32 Secondly, ‘when our souls have learn’d the 
heat to bear / The cloud will vanish we shall hear his voice’.33 Once we cast 
off the man-made bonds that bind us, our reunification with the eternal 
divine will be complete. 
 
Anything that came between the soul and God was appalling to Blake. These 
metaphysical barriers come in numerous forms, from ‘black gowns’ (‘The 
Garden of Love’) to ‘swadling [sic] bands’ (‘Infant Sorrow’34) and even soot 

                                                 
26 Blake, ‘London’, verse 1, line 4. 
27 ibid., verse 2, lines 7-8. 
28 ibid., verse 3, lines 11-12. 
29 Blake, ‘The Garden of Love’, verse 2, line 5. 
30 ibid., verse 3, line 11. 
31 Malcolmson. 
32 Blake, ‘The Little Black Boy’, verse 4, line 14. 
33 ibid. verse 5, lines 17-18. 
34 Blake, ‘Infant Sorrow’, Songs, plate 48, verse 2, line 6. 
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(‘The Chimney Sweeper’).35 By identifying these ‘bans’ upon the human soul 
Blake sought to emancipate humanity from the slavery of reason. To 
‘enlightened’ and experienced minds, however, this spirit of innocence 
offended their rational sensibilities.      
 
Amazingly – to a modern reader at least – Blake’s works were dismissed in his 
time as demonstrating a ‘dangerous prevalence of imagination’.36 Even 
Coleridge, whose mind’s eye could summon up the palace of a dead emperor, 
criticised Blake’s work as sacrificing accuracy for creativity.37 Furthermore, if 
Blake was attempting social reform through his work it was hindered by the 
general belief in his mental instability. His few public exhibitions were 
failures, with the London Examiner reporting on one such display that: 

 
If beside the stupid and mad-brained political project of their rulers, the 
sane part of the people of England required fresh proof of the alarming 
increase of the effects of insanity, they will be too well convinced from 
its having lately spread into the hitherto sober region of Art.38 

 
These remarks were directed not only at Blake but at his sponsors in the 
Royal Academy. Clearly the views being expressed by Blake lay outside the 
main current of political and artistic thought.39 It is comforting, however, that 
on earthly issues, such as slavery and child labour, Blake found a wider 
audience. Accordingly, where Blake is acknowledged in contemporary works, 
it is for the humanity of his writings. In 1824 ‘The Chimney Sweeper’ was 
published in The Chimney Sweeper’s Friend, and Climbing Boy’s Album – a 
publication aiming to abolish or at least regulate the use of children as 
sweeps.40 Only a few in Blake’s lifetime appreciated the genius of his verse 
and it was not until after his death that the poet’s writings found a support 
base.  
 
At the time Blake wrote Songs of Innocence and of Experience it was too easy to 
dismiss his works as the rantings of a misanthrope, estranged from the 
                                                 
35 Even skin can be a barrier to divine unity. In ‘The Little Girl Lost’ the Lion – who represents the angel of death – 
comes upon the sleeping girl, “[l]oos’d her slender dress” (her mortal flesh) and carries her off to paradise. Blake, 
‘The Little Girl Lost’, Songs, plates 34-35, verse 13, line 50. 
36 Dorfman, p. 10. 
37 Keynes, in Blake, plate 25 note. The remarks were directed against Infant Joy where a baby, only two days old, 
smiles. 
38 R Hunt, ‘Mr. Blake’s Exhibition’, excerpt from article published in the Examiner, London, on 17 September 1809, 
in H Adams (ed.), Critical Essays on William Blake, G.K. Hall & Co., Boston, 1991, pp. 22-23 at p. 22. 
39 ibid.; Hunt referred to Blake as an ‘unfortunate lunatic’ in the same article. 
40 DW Lindsay, Blake: Songs of Innocence and Experience, Macmillan, Basingstoke, 1989, p. 34. 
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establishment and cultural world. Few saw Blake as ‘a man without a mask; 
his aim single, his path straightforwards’.41 Since that time, however, Blake has 
come to be seen as one of the masters of English verse. Few in literature have 
matched the imaginative power and intense visual force of his work and 
mythology. Songs of Innocence and of Experience is both a wondrous voyage into 
this shadowy spiritual world and a harsh indictment upon a society infamous 
for its injustices, cruelty and hypocrisy. Through his poems, animated by his 
engravings, Blake sought to challenge the collapse in society’s values, to 
reverse the decent into the godless abyss of reason and to reunite an 
intrinsically holy humanity with its creator.  
 

* * * 
 

                                                 
41 S Palmer, letter to A Gilchrist, in H Adams (ed.), Critical Essays on William Blake, G.K. Hall & Co., Boston, 1991, 
pp. 33-36 at p. 33. 
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A PRECARIOUS BALANCE: GENETIC VERSUS 
ENVIRONMENTAL RISK IN THE MEDIATION OF MYOPIA 

 
REBEKAH WHITE* 

 
 

Rising rates of myopia, particularly in East-Asian populations, have led to public health 
declarations of a ‘myopia epidemic’. In the wake of this epidemic, much research attention 

has been directed towards understanding how the school environment, and particularly 
increasing nearwork demands, may have contributed to increasing myopia rates. This paper 

explores the role that nearwork tasks may play in increasing myopia rates, examining 
various arguments concerning environmental and genetic pathways to myopia development, 

and concludes that further research into potentially ‘myopigenic environments’ will be 
increasingly necessary as myopia prevalence rates continue to rise. 

 
 

INTRODUCTION TO MYOPIA 
 
Patterns emerging from epidemiological research indicate that the prevalence 
of myopia is increasing in economically developed societies worldwide.1 This 
is particularly the case in East-Asian populations such as China, Hong Kong, 
Japan, Singapore and Taiwan2 where the magnitude of this increase has led 
some researchers to suggest that East-Asia is host to a myopia epidemic.3  
The significance of myopia as a public health issue is prone to 
underestimation, due to the perceived ease with which myopic refractive 

                                                 
* Rebekah White is in her final year of a Bachelor of Arts/Bachelor of Science (Psychology) 
degree at the Australian National University, and is a current resident of Bruce Hall 
1 DR Fredrick, ‘Clinical review: Myopia’, British Medical Journal, vol. 324, 2002, pp. 1195-1199; S-M Saw et al., 
‘Academic achievement, close-up work parameters, and myopia in Singapore military conscripts’, British Journal of 
Ophthalmology, vol. 85, 2001, pp. 855-860. 
2 ibid.; DO Mutti et al., ‘Parental myopia, near work, school achievement, and children’s refractive error’, Investigative 
Ophthalmology and Visual Science, vol. 43, 2002, pp. 3633-3640; S-M Saw et al., ‘Nearwork in early-onset myopia’, 
Investigative Ophthalmology and Visual Science, vol. 43, 2002, pp. 332-339; NWH Tan et al., ‘Temporal variations in 
myopia progression in Singaporean children within an academic year’, Optometry & Vision Science, vol. 77, 2000, pp. 
465-472; S-M Saw, ‘A synopsis of the prevalence rates and environmental risk factors for myopia’, Clinical & 
Experimental Optometry, vol. 86, 2003, pp. 289-294. 
3 I Morgan & K Rose, ‘How genetic is school myopia’, Progress in Retinal and Eye Research, vol. 24, 2005, pp. 1-38; Saw, 
Clinical & Experimental Optometry. 
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errors can be corrected.4 However, in reality, the ‘myopia epidemic’ warrants 
considerable concern, since even moderate myopia is associated with an 
increased risk of cataract and glaucoma,5 and high myopia is associated with 
retinal detachment,6 macular degeneration,7 choroidal neo-vascularisation8 and 
visual impairment and blindness.9  
  
In the wake of significant increases in the prevalence of myopia, much 
research has been directed towards identifying genetic and environmental 
causal factors, so as to better understand how the ‘myopia epidemic’ might be 
overcome. Together, the results of this research paint a complex picture, 
suggesting that myopia should not be viewed as a unified disorder, but rather, 
must be classified according to familial inheritance, severity, age of onset, 
progression and pathological consequences.10 Morgan and Rose caution that 
the distinctions between these categories are not without ambiguity, and 
particularly, that the severity of myopia does not provide a clear distinction 
between genetic and environmental myopia. Furthermore, some researchers 
have suggested that the relative impact of genetic and environmental factors 
may differ between populations.11  
 
ROLE OF HEREDITY 
 
For the main part, two primary lines of research have formed the basis of 
arguments attesting a genetic basis for myopia and refractive error.12 These 
are twin studies, and studies of refractive errors in parents and their children. 
The principal arguments emerging from twin studies are that monozygotic 
(MZ) twins have higher concordance rates than dizygotic (DZ) twins,13 and 

                                                 
4 Morgan & Rose. 
5 K Grodum, A Heijl & B Bengtsson, ‘Refractive error and glaucoma’, Acta Ophthalmologica Scandinavica, vol. 79, pp. 
560-566; S-M Saw et al., ‘Myopia and associated pathological complications’, Ophthalmic and Physiological Optics, vol. 25, 
2005, pp. 381-391. 
6 Saw et al., Ophthalmic and Physiological Optics. 
7 M Ito-Ohara et al., ‘Clinical course of newly developed or progressive patchy chorioretinal atrophy in pathological 
myopia’, Opthalmologica, vol. 212, 1998, pp. 23-29. 
8 MP Avila et al., ‘Natural history of choroidal neovascularization in degenerative myopia’, Ophthalmology, vol. 91, 
1984, pp. 1573-1581. 
9 JL See, TY Wong & KT Yeo, ‘Trends in the pattern of blindness and major ocular diseases in Singapore and Asia’, 
Annals Academy of Medicine Singapore, vol. 27, 1998, pp. 540-546. 
10 Morgan & Rose. 
11 Mutti et al. 
12 Fredrick. 
13 N Lyhne et al., ‘The importance of genes and environment for ocular refraction and its determiners: A population 
based study among 20-45 year old twins’, British Journal of Ophthalmology, vol. 85, 2001, pp. 1470-1476. 
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that concordance rates remain high for identical twins with dissimilar 
nearwork habits.14 Neither of these arguments is conclusive. 
 
TWIN STUDIES 
 
Saw reported that twin studies in Taiwan and the United Kingdom have 
established higher myopia concordance rates among MZ than DZ twins, 
citing heritability estimates as high as 90%.15 Likewise, based on a review of 
the surrounding literature, Goldschmidt reported that identical twins always 
had a higher rate of concordance than non-identical twins.16 Whilst these 
patterns may reflect a genetic marker for myopia, this conclusion cannot be 
formed based solely on higher concordance rates for MZ twins, owing to 
potential differences in the degree to which environments are shared between 
MZ and DZ twins. Mutti et al. suggested that MZ twins may share a more 
similar environment, and that this may falsely inflate heritability estimates.   
 
This limitation was addressed in a 1985 study conducted by Chen et al.17, who 
assessed the incidence of myopia, in the context of similar and dissimilar 
nearwork patterns among MZ twins. They found a higher concordance in 
refractive error among twins with concordant nearwork habits, particularly 
among DZ as opposed to MZ twins. This finding is consistent with the 
notion that heredity alone does not account for concordance rates in myopia, 
even amongst individuals who share the same genetic background. However, 
caution must be taken when interpreting research based on similarity and 
concordance, given that these terms can have different meanings dependent 
on the measures used within the particular study in question. Furthermore, 
whilst studies may identify the similarity or dissimilarity in habits between a 
particular twin pair, the resultant measure provides an indication of 
concordance between the given individuals, but cannot be interpreted with 
respect to wider population habits. Whilst twins provide a useful population 
sample from which to make inferences about the relative effect of genetic and 
environmental factors in the development of myopia, the within pair 
difference between the environments experienced by individuals within a twin 
pair, will, in most instances, be significantly smaller than the differences 

                                                 
14 Mutti et al. 
15 Saw, Clinical & Experimental Optometry. 
16 E Goldschmidt, ‘The mystery of myopia’, Acta Ophthalmologica Scandinavica, vol. 81, 2003, pp. 431-436. 
17 Study cited in Mutti et al. 
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between two given individuals from a wide sample. Caution must therefore be 
taken when generalising the results from twin studies to the wider population. 
 
In discussing Chen et al.’s study, Mutti et al. deduced that the relative effects 
of heredity and nearwork may be inferred by comparisons of rates of myopia 
concordance between MZ twins with similar nearwork habits (92.4%) and 
dissimilar nearwork habits (79.1%). They proposed that if the difference of 
13.3% is the environmental effect, and 79.1% stands as the effect of heredity, 
the relative contribution of each can be represented through the ratio of 5.9:1. 
This conclusion is not academically sound on several levels. In the first 
instance, Mutti et al. are assuming that the only environmental effect for 
myopia comes from nearwork behaviours. This is a dubious assumption, 
given that researchers have identified a whole host of environmental factors 
including disruption of diurnal lighting rhythms,18 less time in sport19 and 
chronic hyperinsulinaemia,20 each of which may also be implicated in 
increasing rates of myopia. Further to this, if we are to assume that the 13.3% 
does reflect the impact of discordant nearwork habits, this does not 
automatically render the entire 79.1% concordance rate the result of heredity, 
given that shared environmental factors may also contribute to a significant 
extent to this concordance percentage. This illustrates a wide-spread problem, 
the tendency for researchers to view the environment through simplistic 
lenses, employing simple models to identify environmental impacts, and 
attributing the remaining effects to the result of genetics.   
 
PARENT-CHILD CONCORDANCE 
 
Several studies have compared rates of myopia in children whose parents 
have myopia, compared to those who do not.21 The results of these studies 
suggest a general pattern, whereby the prevalence of myopia is highest in 
children with two myopic parents, decreases in those with one such parent, 
and is lowest in children with no myopic parents. Mutti et al. cited rates of 
40%, 20-25%, and 10% respectively.  
 
                                                 
18 JA Guggenheim, C Hill & T-F Yam, ‘Myopia, genetics, and ambient lighting at night in a UK sample’, British 
Journal of Ophthalmology, vol. 87, 2003, pp. 580-582; Saw, Clinical & Experimental Optometry. 
19 Mutti et al. 
20 L Cordain et al., ‘An evolutionary analysis of the aetiology and pathogenesis of juvenile-onset myopia’, Acta 
Ophthalmologica Scandinavica, vol. 80, 2002, pp. 125-135. 
21 For example, C-L Liang et al., ‘Impact of family history of high myopia on level and onset of myopia’, Investigative 
Ophthalmolgy and Visual Science, vol. 45, 2004, pp. 3446-3452; Mutti et al. 
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Diseases caused mainly by genetic factors are believed to typically have an 
earlier onset, more affected family members, and more severe clinical 
presentations compared to the same condition induced mainly by 
environmental factors. This has been well illustrated by the studies of Liang et 
al. These researchers studied myopia, focussing on the impact of highly 
myopic parents and siblings on both the level and onset of myopia. The 
results revealed a significant pattern, whereby among all highly myopic 
children, those with highly myopic parents tended to have an earlier onset of 
myopia. In contrast, no association was found between the number of highly 
myopic siblings and onset of either high, moderate or mild myopia. The 
researchers suggested that these patterns may reflect the fact that parental 
myopia is more likely due to genetic susceptibility, given that parents grew up 
at a time when there were significantly fewer nearwork demands. In contrast, 
sibling myopia can likely be profoundly influenced by environmental 
demands, such as exposure to television, computer, video games, and 
nearwork school requirements. Thus, a child’s onset of myopia is less likely to 
be predicted by their siblings. One possibility raised by this explanation is that 
sibling myopia may in fact be predictive of environmentally induced myopia, 
where environments are shared. If this was found to be the case, then risk 
exerted by parents and siblings would likely be in accordance with two 
different pathways, the first more attributable to shared genetic material, and 
the second to shared environmental demands.    
 
Goldschmidt cautions that investigations highlighting rates of myopia in 
parents of myopic children can never be employed as proof of myopia being 
a hereditary condition, given that the occurrence of myopia in several 
generations of a family may also signal that consecutive generations have all 
been exposed to the same external factors.22 Morgan and Rose suggest that 
where commitment to education is central to family and community culture, 
high correlations between parents and children with respect to myopia could 
ensue, without a necessary role for shared genes. 
 
MYOPIA AS A FACET OF INHERITED SYNDROMES 
 
There is no doubt that myopia can develop as one thread in a complex web of 
symptoms, all of which have an underlying genetic defect. In this instance, 
myopia is regarded as a constituent of a larger genetic syndrome, and this 
                                                 
22 E Goldschmidt, ‘On the etiology of myopia’, Acta Ophthalmologica, vol. 98, pp. 1-171 at p. 61. 
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form of short-sightedness needs to be distinguished from environmentally 
induced myopia. Syndromes in which myopia is a known component include 
Marfan, Weill-Marchesani, Stickler and Knobloch syndromes.23 Further to 
this, myopia has also been known to develop as a part of congenital stationary 
night blindness.24 Two distinct clinical entities of X-linked congenital 
stationary night blindness (CSNB) have been proposed. On the one hand, 
individuals with complete CSNB show moderate to severe myopia, 
undetectable rod function and a normal cone response. In comparison to this, 
those with incomplete CSNB show moderate myopia to hyperopia in 
conjunction with subnormal but measurable rod and cone function.25 
Importantly, most of the afore-mentioned syndromes are characterised by 
early onset or congenital high myopia, a pattern which is congruent with the 
observations of Liang et al. regarding genetic diseases being more likely to 
have an early age of onset and notably severe clinical presentations.26  
 
GENETIC LOCI FOR FAMILIAL MYOPIA 
 
Genetic loci for high familial myopia have been identified (18p11.31, 12q 21-
23, 7q36), but genes for juvenile myopia have not.27 This, coupled with the 
evidence stemming from Liang et al.’s research which found that parental 
high myopia was predictive of earlier onset and more severe myopia in 
probands,28 renders it plausible that early onset high myopia has a strong 
genetic component, whereas later onset, and often less severe myopia, is more 
likely influenced by environmental exposures. Further research is necessary to 
provide greater insight into the hypotheses that high myopia may be a distinct 
form or forms of the condition, with different risk factors and causal 
pathways. 

                                                 
23 Morgan & Rose. 
24 ibid; NT Bech-Hansen et al., ‘Loss-of-function mutations in a calcium-channel alpha1-subunit gene in Xp11.23 
cause incomplete X-linked congenital stationary night blindness’, Nature Genetics, vol. 19, 1998, pp. 264-267.  
25 Bech-Hansen et al. 
26 Liang et al. 
27 CJ Hammond et al., ‘Genes and environment in refractive error: The twin eye study’, Investigative Ophthalmolgy and 
Visual Science, vol. 42, 2001, pp. 1232-1236; Mutti et al.; DJJ Park & NG Congdon, ‘Evidence for an “epidemic” of 
myopia’, Annals Academy of Medicine Singapore, vol. 33, 2004, pp. 21-26. 
28 Liang et al. 
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EVIDENCE FOR AN ENVIRONMENTAL EFFECT 
 
EARLY VISUAL EXPERIENCE 
 
Abnormal early visual experiences in humans can profoundly influence 
refractive development, potentially leading to the later development of 
myopia. By way of example, it has been found that pathology in infancy, such 
as congenital cataracts,29 infantile hemangiomas of the eyelids and orbit,30 
corneal opacifications,31 and eyelid closure in early infancy32 may result in 
myopia development.33 The fact that altered visual experience can affect 
refractive development supports an environmental effect in the development 
of myopia. However, caution must be taken when considering myopia 
development following pathological eye conditions, as these conditions may 
have a heritable component to the underlying pathology, in which case the 
pathway to myopia is not straightforward. This follows from the earlier 
assertion that care must be taken not to view the role of environment as 
‘simple’, particularly when we consider the fact that environmental exposures 
can be affected and confounded by genetic factors.  
 
EXPERIMENTAL EVIDENCE 
 
Animal studies have unequivocally demonstrated that experimental situations 
can be manipulated so as to produce myopia.34 In experiments where animals 
are subject to visual deprivation, degradation of the retinal image, abnormal 
eye growth, and major effects on the choroid and sclera have been 
produced.35 By way of example, when the formation of a clear and formed 
image on the retina is prevented, either by suturing the animal’s eyelids, or via 
the application of translucent lenses or goggles, the animal will develop high 

                                                 
29 GK von Noorden & RA Lewis, ‘Ocular axial length in unilateral congenital cataracts and blepharoptosis’, 
Investigative Ophthalmology and Visual Science, vol. 28, 1987, pp. 750-752. 
30 RM Robb, ‘Refractive errors associated with hemangiomas of the eyelids and orbit in infancy’, American Journal of 
Ophthalmology, vol. 83, 1977, pp. 52-58. 
31 SS Gee & KF Tabbara, ‘Increase in ocular axial length in patients with corneal opacification’, Ophthalmology, vol. 95, 
1988, pp. 1276-8. 
32 CS Hoyt et al., ‘Monocular axial myopia associated with neonatal eyelid closure in human infants’, American Journal 
of Ophthalmology, vol. 91, 1981, pp. 197-200. 
33 D Saltarelli et al., ‘Susceptibility to form-deprivation myopia in chicks is not altered by an early experience of axial 
myopia’, Optometry & Vision Science, vol. 81, 2004, pp. 119-126. 
34 J Wallman & J Turkel, ‘Extreme myopia produced by modest change in early visual experience’, Science, vol. 201, 
pp. 1249-1251; CF Wildsoet & KL Schmid, ‘Optical correction of form deprivation myopia inhibits refractive 
recovery in chick eyes with intact or sectioned optic nerves’, Vision Research, vol. 40, 2000, pp. 3273-3282. 
35 Saw, Clinical & Experimental Optometry. 
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myopia.36 This has been taken as evidence for the plasticity of refractive error 
in response to environmental stimuli, whereby myopia is believed to occur 
when the eye compensates for the hyperopic defocus produced by such 
lenses.37 Explanations derived from this model have been applied to humans 
with myopia, including the possibility that exposure to hyperopic defocus due 
to accommodative lag during periods of prolonged nearwork, result in 
excessive growth of the eye, and subsequent myopic refractive error.38    
 
OCCUPATIONAL MYOPIA 
 
Higher rates of myopia among particular occupations have been frequently 
cited as evidence for an environmental impact on myopia. It has been found 
for example that both prevalence rates for adult myopia and rates of myopia 
progression are highest among groups of individuals who spend long hours 
on intensive nearwork.39 Occupations thought to pose a risk for myopia 
include microscopy, carpet weaving, visual display terminal work, map and 
chart drawing, precision mechanics, textiles, law, teaching, and management.40 
  
With respect to textile work, Simensen and Thorud identified a textile factory 
in Norway where 90% of employees involved in controlling product texture 
experienced myopia, compared to 0% of controls who worked in the same 
factory in different tasks.41 Importantly, even hypermetropes, that is, persons 
whose eyes are too short for the optical power of the cornea and lens, were 
not protected against this myopisation. However, caution must be taken when 
interpreting Simensen and Thorud’s results, given that they were working 
with a very small sample size.  
 
Microscopy has likewise been linked with an increased risk of developing 
myopia.42 In a study on a group of United Kingdom microscopists,43 the 
reported prevalence of myopia was 71%. Of particular interest is the fact that 

                                                 
36 Fredrick. 
37 Mutti et al. 
38 ibid. 
39 Saw, Clinical & Experimental Optometry. 
40 ibid.; PWK Ting et al., ‘Prevalence of myopia in a group of Hong Kong microscopists’, Optometry & Vision Science, 
vol. 81, 2004, pp. 88-93. 
41 B Simensen & LO Thorud, ‘Adult-onset myopia and occupation’, Acta Ophthalmologica Scandinavica, vol. 72, 1994, 
pp. 469-71. 
42 Ting et al. 
43 DW Adams & NA McBrien, ‘Prevalence of myopia progression in a population of clinical microscopists’, 
Optometry & Visual Science, vol. 69, 1992, pp. 467-473.  
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49% of this group had developed myopia after they began working in the 
field of clinical microscopy. In a study on microscopists in a hospital in Hong 
Kong, myopia rates of 87% were recorded.44 Whilst at face value this figure 
seems remarkably high, it is important to bear in mind that Hong Kong 
exhibits an already high population prevalence of myopia of about 70% in 
adults. In the study in question, the authors compared this to rates among 
United Kingdom (UK) microscopists from ten years prior, noting a 
prevalence of 71%, which is significantly higher than that of the general adult 
population in the UK, where less than 40% of adults are myopic. The 
described study provides further evidence for an environmental mediation in 
the development of myopia. 
 
MYOPIA IN ARCTIC REGIONS 
 
Increasing rates of myopia among Inuit populations has been cited as 
evidence to support the environmental mediation of myopia. However, 
accurate data to support this assertion has proved difficult to obtain.45 
Goldschmidt acknowledged the data emerging from the Angmassalik District 
of Greenland as being very good,46 but Park and Congdon have argued that 
data emanating from Eskimos in Greenland is limited as a result of their small 
population numbers. Nonetheless, it is useful to examine the patterns that 
have been elicited in research among Inuit populations, owing to claims 
scattered throughout the research literature attesting to an epidemic of 
myopia among Eskimos.47 Goldschmidt cited a frequency of myopia in the 
Angmassalik District of 1.2% in 1952, noting a considerable increase in the 
following 32 years which witnessed a ten fold increase, culminating in a 
population frequency of 12%.48 Importantly, major changes in environment 
and schooling were also experienced during these years, suggesting an 
important role for environment in the mediation of myopia rates.  

                                                 
44 Ting et al. 
45 Park & Condon. 
46 Goldschmidt, Acta Ophthalmologica Scandinavica. 
47 WL Alward et al., ‘High prevalence of myopia among young adult Yupik Eskimos’, Canadian Journal of 
Ophthalmology, vol. 20, 1985, pp. 241-245; Park & Condon. 
48 Goldschmidt, Acta Ophthalmologica Scandinavica. 
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RAPIDLY INCREASING MYOPIA RATES 
 
The fact that myopia rates have increased dramatically over the past two 
decades has formed the basis of arguments attesting a strong environmental 
determinant. Researchers maintain that this rise cannot be attributed to genes, 
as the gene pool could not have changed to such an extent over this relatively 
short period. The rapid increase has therefore been attributed to increases in 
reading and nearwork activities, in combination with other possible 
environmental factors.49 
 
IS SCHOOLING A CRUCIAL FACTOR?  
 
COHN’S USE-ABUSE THEORY 
 
Cohn’s use-abuse theory is based on the premise that myopia is the result of 
use, or indeed abuse, of the eyes. The term ‘school myopia’ reflects this 
belief,50 insofar as it was created to capture the apparent association between 
school work and the development of myopia in children.51 In particular, the 
term ‘school myopia’ encompasses the idea that reading and related visual 
tasks have a role in the development of refractive error.52 Indeed, Cordain et 
al. declared that excessive nearwork represents the single most frequently 
cited environmental variable associated with juvenile-onset myopia 
development. However, the strongest correlation is with education. 
 
RAPIDLY INCREASING RATES IN EDUCATIONAL SPHERE 
 
Within Asia in particular, a number of facets of education have been credited 
with a possible role in the increasing rates of myopia. These include the 
widespread availability of formal education, the rigorous nature of the 
schooling system,53 high literacy rates, competitive spirit, and the traditional 
regard for academic success.54 Each of these variables contributes to an 
environment in which intense nearwork has been firmly ingrained in everyday 

                                                 
49 Saw et al., Investigative Ophthalmolgy & Visual Science. 
50 MH Edwards, ‘Effect of parental myopia on the development of myopia in Hong Kong Chinese’, Ophthalmic & 
Physiological Optics, vol. 18, 1998, pp. 477-483. 
51 Tan et al. 
52 Saltarelli et al.; Saw et al., British Journal of Ophthalmology. 
53 Mutti et al. 
54 Tan et al. 
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life, possibly culminating in the perpetuation of school myopia.55 With respect 
to this pattern, analyses into the potential mechanisms which underlie the 
school-myopia relationship warrant close attention.  
 
Evidence for an association between ‘school’ and the development of myopia 
comes from a host of patterns and trends that have been observed in the 
research literature, in combination with empirical investigations. As a starting 
point, the incidence of myopia usually increases during school age years, and 
then decreases during later-adulthood.56 On its own, this trend is not 
conclusive as it may represent the natural disease progression over the course 
of a lifetime, rather than a causal relation to schooling. However, in 
combination with studies which have indicated greater prevalence rates in 
correlation with higher educational demands, a more specific mediating role 
for school work is rendered increasingly probable. A further pattern of 
interest concerns evidence that the rate of progression of myopia differs over 
the course of an academic year, with higher rates of progression during 
periods of intense study, and lower rates documented during holiday 
periods.57 
 
Employing a definition of myopia as any refractive error < – 0.25D, over 
80% of Taiwanese adolescents completing secondary schooling are now 
myopic, with close to 20% in the high myopia category (≤ – 6D).58 Further to 
this, studies have indicated that the prevalence rates of myopia increased from 
76% to 81% in the young Taiwanese populations (aged 15 years) over a five 
year period, as documented by two national surveys conducted in 1995 and 
2000.59 Similar trends have been documented for many countries, however 
the figures from China, Hong Kong and Taiwan are particularly noteworthy, 
insofar as each of these nations have myopia rates in excess of 70% for 
students of 17 years.60 
 

                                                 
55 ibid. 
56 H Matsumura & H Hirai, ‘Prevalence of myopia and refractive changes in students from 3-17 years of age’, Survey 
of Ophthalmology, vol. 44, 1999, ss. 109-115. 
57 DA Goss & BB Rainey, ‘Relation of childhood myopia progression rates to time of year’, Optometry: Journal of the 
American Optometric Association, vol. 69, 1998, pp. 262-266; Tan et al. 
58 LL Lin et al., ‘Prevalence of myopia in Taiwanese schoolchildren 1983-2000’, Annals Academy of Medicine Singapore, 
vol. 33, 2004, pp. 27-33; Morgan & Rose. 
59 Liang et al. 
60 MH Edwards, ‘The development of myopia in Hong Kong children between the ages of 7 and 12 years: A five 
year longitudinal study’, Ophthalmic & Physiological Optics, vol. 19, 1999, pp. 286-294. 
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Among Singapore military conscripts, rates of myopia changed dramatically 
during the final decades of the twentieth century, increasing from 26% in the 
1970s to 79% in the 1990s. Saw et al. conducted a study among 429 military 
conscripts, emphasising the fact that the period of myopia increase in 
Singapore included the childhoods, and hence schooling years, of the 
conscripts in the study population.61 The researchers documented a strong 
association between education, educational variables, and myopia, whereby 
educational level, educational stream, and tuition lessons in elementary, but 
not secondary school, were positively related to myopia. The latter of these 
findings may be particularly significant, as it may be indicative of greater 
myopia susceptibility from educational activity during the early school years, 
and hence the notion that myopia susceptibility varies with age. A 
comprehensive analysis of this proposition is beyond the scope of the present 
paper. However, irrespective of this possibility, the authors’ final conclusion 
remains the same, that is, that the positive correlations between educational 
variables and myopia add evidence to the ‘use-abuse’ theory of school 
myopia.   
 
EDUCATIONAL LEVEL 
 
A consistent pattern emerging from the research literature pertains to the 
strong correlation between higher educational level and higher prevalence of 
myopia.62  By way of example, the previously described study on conscripts in 
Singapore, revealed that those with high or low myopia were more likely to 
have completed pre-university or tertiary education.63  Importantly, the 
association between higher levels of education and myopia development are 
not a unique feature of the modern day ‘myopia epidemic’. Goldschmidt64 
reported on the contemporary myopia rates of above 90% of university 
students in Hong Kong and Taiwan (wherein the average degree of myopia is 
4-5D), and then contextualised these rates within a historical framework, 
drawing attention to the fact that similarly extreme prevalence was present 
among the educational elite of Europe in the late 19th century.65  This is a 
particularly important piece of evidence in the construction of arguments 
surrounding so called ‘school myopia’, as it is indicative of the fact that the 

                                                 
61 Saw et al., British Journal of Ophthalmology. 
62 Morgan & Rose. 
63 Saw et al., British Journal of Ophthalmology. 
64 Goldschmidt, Acta Ophthalmologica Scandinavica. 
65 Randall (1885) as cited in Goldschmidt, Acta Ophthalmologica Scandinavica. 
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same pattern of use or abuse of the eyes, may have its outcome in myopia 
development irrespective of the historical time period in question.  
 
More advanced levels of education have been repeatedly associated with 
greater myopia prevalence.66 Importantly however, this pattern is not without 
uncertainties, given that questions remain regarding whether education level is 
an independent risk factor, or a surrogate measure for nearwork or another 
socio-economic characteristic.67 Mutti et al. identified the fact that educational 
level is frequently used as a surrogate measure for nearwork, owing to higher 
rates of myopia among the more educated. According to this argument, level 
of education is predictive of myopia insofar as it corresponds with more time 
spent in nearwork activities over an arguably longer period.  
 
ACADEMIC ACHIEVEMENT 
 
Identifying the nature of the relationship between myopia and nearwork is 
complicated by the association between myopia and intellectual abilities.68 
With respect to educational streaming, Saw et al.’s study on conscripts in 
Singapore revealed that those with high or low myopia were more likely to 
have been in the gifted, special or express stream during their schooling.69 A 
general pattern has been reported in the research literature, such that children 
with myopia tend to have higher intelligence and achievement test scores, and 
better vocabularies and school grades than their non-myopic counterparts.  
This pattern raises several questions pertaining to the actual nature of school 
myopia. In the first instance it is plausible that students with an aptitude for 
academic study may be more inclined to devote longer hours to nearwork 
activities. On the other hand, this pattern likewise raises questions as to 
whether there may be a more intimate connection between refractive error 
and cognitive capacity, rather than nearwork per se.70 There may be a 
complicated interaction between IQ, education and myopia; a thorough 
analysis of which is beyond the scope of the present paper. 
 
 
 

                                                 
66 Saw et al., British Journal of Ophthalmology. 
67 ibid. 
68 Mutti et al.; Saw et al., British Journal of Ophthalmology. 
69 Saw et al., British Journal of Ophthalmology. 
70 Mutti et al. 
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EXTRA-CURRICULAR TUITION AND READING 
 
Extra curricular tuition classes have been investigated as a possible causal 
factor in the development of school myopia, due to the fact that participation 
in extra tuition differs between children. Hence it may be a factor that 
discriminates between those students who do and do not develop myopia, or 
the extent to which myopia is experienced. Saw et al. investigated tuition 
classes as a facet of nearwork among students aged seven to nine in two 
schools in Singapore.71 The authors argued that time spent reading and 
writing during school hours for children in the same grade is rather similar 
(median = 2 hours per day), owing to the common school syllabus. However, 
during supplementary ‘tuition classes’ outside of school, the majority of time 
is also spent in nearwork on reading or writing activities. The results of the 
study were consistent with the idea that tuition classes serve as a risk factor 
for school myopia. Children in such classes were twice as likely to have higher 
myopia.  
 
The strongest association to emerge from Saw et al.’s study concerned reading 
and the development of myopia, whereby there were significant differences in 
the numbers of books read per week and hours spent in reading among 
students with high versus low, and higher versus no myopia. The relationship 
between books read per week and myopia was significant for Chinese 
children from the study population, and positive but not significant for non-
Chinese children. The mean age of myopia onset also differed depending on 
the number of books read per week. The mean onset age was younger for 
children who read more than two books per week, and likewise for those who 
used the computer regularly, supportive of an environmental mediation in 
myopia development.72  
 
 
 
 
 
 

                                                 
71 Saw et al., Investigative Ophthalmology & Visual Science. 
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EVIDENCE FOR AN ENVIRONMENTAL EFFECT IN SCHOOL MYOPIA 
 
POPULATION STUDIES 
 
Following a two year longitudinal study in Hong Kong, less myopia was 
found in activity schools, when compared to traditional education schools.73 
This finding was interpreted as possibly indicating an effect of school 
curriculum on refractive development,74 an interpretation which can be 
reconciled with Cohn’s use-abuse theory. A similar pattern was reported 
following a population study in 1962 in Copenhagen.75 In this study, highly 
significant differences in myopia prevalence were recorded between students 
enrolled in the academic versus general learning streams, with higher myopia 
rates among students in the academic education stream. Whilst these results 
may reflect greater nearwork requirements imposed on students in classes 
with a particularly academic focus, it is not possible to draw definitive 
conclusions, based on the fact that inclusion in academic or conventional 
education-focussed schools may also be a surrogate marker for higher 
socioeconomic status, parental education (and perhaps parental myopia), or 
other potentially confounding variables.  
 
URBAN-RURAL DIFFERENCES 
 
The geographical distribution of myopia has been a focus of many studies 
directed towards identifying whether environmental or hereditary factors are 
more likely to play a role in refractive error. A particularly interesting pattern 
emerging from epidemiological analyses concerns the fact that rates of 
myopia are often quite diverse within a given country, as evidenced in an 
urban-rural divide. The general trend cited in the research is that prevalence 
rates of myopia are highest in urban areas of Asia, such as Hong Kong, 
Taiwan and Singapore, and lowest in predominantly agricultural or rural areas 
of non-Asian countries.76 This trend can be further applied to describe intra-
country variations, as evidenced in the notable differences in myopia 
prevalence between urban and rural areas, and between the Chinese and 

                                                 
73 E Goldschmidt, CSY Lam & S Opper, ‘The development of myopia in Hong Kong children’, Acta Ophthalmologica 
Scandinavica, vol. 79, 2001, p. 228-232. 
74 CSY Lam, E Goldschmidt & MH Edwards, ‘Prevalence of myopia in local and international schools in Hong 
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Aboriginal populations of Taiwan.77 The pattern is not limited to Taiwan, and 
has in fact been cited for a host of Asian nations including China, India, 
Japan, Nepal and Vietnam.78 By way of example, Garner et al. measured 
refractive error in two groups of students coming from similar genetic 
backgrounds, but residing in distinct urban and rural settings.79 The 
researchers found that students in urban Kathmandu had a 21.7% prevalence 
rate of myopia, compared to the Sherpa children of rural Solu Khumbu who 
had a 2.9% myopia rate. Whilst both groups attended compulsory schooling, 
the researchers postulated that the students in Kathmandu were exposed to a 
more rigorous program, which probably involved more nearwork demands. 
The rural-urban pattern has been identified as possible evidence for a 
nearwork association in myopia, insofar as differences in the intensity and 
duration of study are experienced by students in rural and urban education 
settings.80 However, there are a range of other factors in addition to study 
intensity and duration that differentiate between children living in rural and 
urban environments. These include exposure to television and computers, 
time spent outdoors,81 exposure to lighting, and dietary intake.82 Each of these 
factors would need to be evaluated comprehensively in order to arrive at a 
more definitive conclusive with respect to the manner by which living in a 
particular rural or urban environment may increase or decrease one’s risk of 
developing myopia.  
 
JEWISH STUDENTS 
 
Differences in myopia prevalence among Jewish students from Israel add to 
arguments regarding the urban-rural divide. Within Israel there are three 
major primary educational streams; secular, Orthodox and ultra-Orthodox. 
Significant differences in the intensity and duration of study expected of 
students exist between these streams, in addition to their prerequisite study 
expectations. Ben-Simon et al. outlined these differences, linking these with 
                                                 
77 LL Lin et al., ‘Nation-wide survey of myopia among schoolchildren in Taiwan’, Acta ophthalmologica Scandinavica, vol. 
185 supplement, pp. 29-33; LL Lin et al., ‘Study of myopia among aboriginal schoolchildren in Taiwan’, Acta 
ophthalmologica Scandinavica, vol. 185 supplement, pp. 34-36. 
78 LF Garner et al., ‘Prevalence of myopia in Sherpa and Tibetan children in Nepal’, Optometry & Visual Science, vol. 
76, 1999, pp. 282-285; Morgan & Rose; MZ Zhan et al., ‘Refractive errors in Singapore and Xiamen, China – a 
comparative study in school children aged 6 to 7 years’, Optometry & Visual Science, vol. 77, 2000, pp. 302-308. 
79 Garner et al, ‘Prevalence of myopia in Sherpa and Tibetan children in Nepal’, Optometry & Vision Science, vol. 76, 
1999, pp. 282-285. 
80 Garner et al.; Zhan et al., ‘Refractive errors in Singapore and Xiamen, China – a comparative study in school 
children aged 6 to 7 years’, Optometry & Visual Science, vol. 77, 2000, pp. 302-308. 
81 Morgan & Rose. 
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the rates of myopia cited for students in each of the respective education 
systems.83 To begin with, students in secular and Orthodox schools attend 
pre-kindergarten and kindergarten prior to the commencement of primary 
school. In contrast to this, students in the ultra-orthodox stream do not 
attend kindergarten, but rather, commence formal schooling which 
encompasses a focus on intense reading and studying at the age of three. 
Females in the ultra-Orthodox stream do not commence with the intense 
reading at the same age as males in the same system, a pattern which may 
correspond to the comparatively lower rates of myopia among females. The 
hours of intense study are gradually increased for students in this stream, until 
it peaks at about 16 hours per day for ultra-Orthodox male teenagers. Within 
this educational stream, there is an emphasis on reading texts comprised of 
various font sizes, which may be as small as one millimetre in height. In stark 
contrast to this, secular school days are typically five to six hours, and are 
broken up into equal periods of nearwork, listening activities, and play-based 
learning. For secular students, homework requirements do not exceed two 
hours per day. Similar expectations are evident in Orthodox schools, except 
that there is a greater emphasis placed on the study of religious texts, which 
typically span two to three hours per week, and likewise differential study for 
males.  
 
Given Cohn’s use-abuse theory, it is not surprising that significant differences 
in myopia prevalence have been cited for students within these three streams. 
Ben-Simon et al. cited a 1998 study by Zylbermann et al. in which boys in 
Orthodox and ultra-Orthodox Jewish schools were found to have a 
significantly higher rate of myopia (81.3%) compared with boys in secular 
Jewish schools (27.4%).  Following from Zylbermann’s results, Ben-Simon et 
al. sought to identify whether these differences are evident as early as primary 
school. Among students in grade three, the researchers reported myopia rates 
of 27.3% in secular schools, and 72.5% in ultra-Orthodox males. 
  
INTERACTION OF GENETICS AND ENVIRONMENT IN THE 
DEVELOPMENT OF MYOPIA 
 
Analyses of the different environmental and genetic factors which may come 
into play in the development and progression of school myopia need to 
                                                 
83 GJ Ben-Simon et al., ‘Spectacle use and reduced unaided vision in third grad students: A comparative study in 
different educational settings’, Clinical Experimental Optometry, vol. 87, 2004, pp. 175-179. 
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provide some reconciliatory position for both contributors.  Mutti et al. have 
suggested two potential theories which link genetic and environmental 
explanations for myopia. The first of these is the idea that the observed 
tendency for myopia to run in families may be attributable to a shared intense 
nearwork environment within the same family, rather than shared genes. This 
idea fits with the previously mentioned argument that where commitment to 
education is a central tenet of family culture, high correlations in myopic error 
between parents and children may ensue. Specifically, the shared 
environmental factors which may play a role in myopia development include 
reading for pleasure,84 variations in lighting,85 watching television and playing 
video games,86 use of the computers,87 nearwork hobbies such as music,88 time 
spent indoors, and less time spent in sport.89 According to Mutti et al.’s 
argument, parents may pass to, or inspire children with their own love of 
reading and other nearwork activities, rather than transmitting myopic 
refractive error itself.  
 
Mutti et al.’s second hypotheses pertained to the fact that there may be a 
genetic susceptibility to the effects of the environment. According to this 
view, individuals inherit a degree of sensitivity to the myopigenic effects of 
nearwork, rather than myopia itself. This idea is not supported by Morgan & 
Rose, who argue that most of the research evidence leads towards a 
conclusion that all human population groups are sensitive to environmental 
pressures, and as such will develop high prevalence rates of myopia in the 
appropriate environments. This stance highlights the environment as the 
primary mediator, irrespective of an individual’s genetic composition. Morgan 
& Rose arrived at this position following a comprehensive review of the 
research literature, from which they concluded that there is little evidence for 
a major genetic role in the determination of school myopia. They argued that 
much of the correlation in refractive error between genetically related 
individuals may be the result of shared environmental factors, with only a 
minimal contribution from shared genes.  
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CONCLUSION 
 
An analysis of the research literature surrounding the development of myopia 
reveals an area fraught with complexities and debate. Myopia is a complex 
and multifactorial condition. There is no question that in some instances 
myopia is the result of a genetic condition, such as a specific connective tissue 
syndrome. However, in the majority of instances, the pathway to myopia 
development is less clear. 
 
With respect to school myopia, that is, the refractive error of ‘use and abuse’, 
considerable debate has centred on the relative impact of genetic and 
environmental factors in disease development. Much of the evidence for 
genetic mediation has come from twin studies. Such studies, which focus on 
shared genes and corresponding refractive error, need to be cautiously 
interpreted owing to the confounding role of shared environments. Whilst a 
limited role for genetic mediation is probable,90 much stronger evidence exists 
for the role of environmental risk factors in school myopia. The correlation 
between prevalence rates of myopia throughout time and nearwork, education 
level, extra curricular tuition and reading habits, strongly support an 
environmental effect. Furthermore, analysis of the geographic distribution 
patterns of myopia highlight an association between regions where intense 
schooling and study are engrained in family and community culture, and 
higher myopia prevalence rates.  
 
Given the magnitude of increasing myopia prevalence rates across the globe, 
and particularly in East-Asia, it is not surprising that myopia constitutes a 
primary public health concern. Further research into the constituents of 
myopigenic environments, and how knowledge of these may inform 
protective factors, will be increasingly necessary as the prevalence rates 
increase. The fact that these have not already been subject to wide-scale 
investigation may in itself be indicative of our own ‘myopia’ for the future, 
and failure to fully appreciate the extensive implications of the modern day 
‘myopia epidemic’.      
 

* * * 

                                                 
90 Morgan & Rose. 
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FUNCTIONAL STUDY ON THE C-TERMINUS OF 
ATAMT1;2, AN AMMONIUM TRANSPORTER FROM 

ARABIDOPSIS THALIANA 
 

ANNIE XIN∗ 
 
 

Nitrogen is an essential nutrient for all plants, and its assimilation into cells is mediated by 
ammonium transporters (AMT). The molecular study of  ammonium transporters helps 

scientists to develop knowledge that could enable them to modify transporters in agricultural 
crops, creating lower-maintenance foods of  higher nutritional value. This report documents a 

study done in the Howitt laboratory as an Advanced Study Course that focused on the 
characterisation of  the functional region of  the C-terminal domain in one of  these plant 

ammonium transporters – AtAMT1;2 from Arabidopsis thaliana. 
 

INTRODUCTION 
 
Nitrogen is the most important inorganic nutrient for plant growth.1 It is an 
essential element in proteins and nucleic acids. Nitrogen-containing fertilisers 
are widely used in modern agriculture for improving the yield and nutritional 
values of crops, but it is now known that the overuse of fertilisers presents a 
potential hazard to the environment and ecosystems. Development of 
genetically modified crops could be a good candidate for reducing the use of 
fertilisers by enhancing the performance of nutrient uptake mechanisms 
within the plant itself. In the case of nitrogen, scientists have been studying 
ammonium transporters in the hope of finding a way to increase the level of 
nitrogen assimilation in crops. These studies are mainly done on Arabidopsis 
thaliana, a popular modelling system for plant genetics. 
 
 

                                                 
∗ Annie Xin is in her second year of a Bachelor of Philosophy (Science) degree, and a current 
resident of Bruce Hall. 
1 S Gazzarrini et al., ‘Three functional transporters for constitutive, diurnally regulated, and starvation-induced 
uptake of ammonium into Arabidopsis roots’, Plant Cell, vol. 11, no. 5, 1999, pp. 937-947. 
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Plants acquire nitrogen primarily in the forms of ammonium (NH3/NH4
+) 

and nitrates. Studies by Gazzarrini et al. on the Arabidopsis species showed a 
preferential uptake of the reduced nitrogen form over the nitrates by the 
plant, 2 confirming that ammonium is the favoured nitrogen source for plants. 
Ammonia (NH3) is a weak base with a pKa of 9.25. Therefore at physiological 
pH conditions, it largely exists as NH4

+ ions.3 As for other ion species and 
polar molecules, the uptake of NH4

+ requires specific transport proteins on 
the plasma membranes of plant cells – the ammonium transporters. 
 
The first ammonium transporter isolated in higher plants was a high-affinity 
NH4

+ transporter from Arabidopsis thaliana,4 named AtAMT1;1. Four more 
members in the AtAMT1 superfamily were later identified, including 
AtAMT1;2 and AtAMT1;3. The current topological model for the plant 
AMT1 family predicts a structure of 11 hydrophobic regions spanning the 
plasma membrane (the transmembrane helices) with hydrophilic loops 
connecting the helices.5 The N-terminus was predicted to be extracytoplasmic 
and the C-terminus cytoplasmic (Figure 1). 
 
A review on plant ammonium transporters by Howitt and Udvardi suggested 
that all AtAMT1 homologues probably share a similar transport mechanism 
(possibly uniporters of NH4

+), although their affinity for ammonium ranges 
over two orders of magnitude.6 Studies performed by Gazzarrini et al. 
estimated the Km values for the uptake of [14C]methylammonium (MA) by 
AtAMT1;1, AtAMT1;2 and AtAMT1;3 in yeast to be 8µM, 24µM and 11µM 
respectively,7 although Shelden et al. later showed that the Km values for MA 
in the AtAMT1 family were higher than expected.8 Nevertheless, there are 
definite differences in the substrate affinities of the various AtAMT1 
homologues, and these variations possibly reflect differences in their 
respective functions in the plant. The divergence in transporter affinity may 
not only allow plant cells to adapt to environments of different nitrogen 

                                                 
2 ibid. 
3 Unless specified, all of the ammonium mentioned in this report refers to NH4+. 
4 O Ninnemann, JC Jauniaux & WB Frommer, ‘Identification of a high affinity NH4+ transporter from plants’, The 
European Molecular Biology Organization Journal, vol. 13, 1994, pp. 3464-3471. 
5 GH Thomas, JGL Mullins & M Merrick, ‘Membrane topology of the Mep/Amt family of ammonium transporters’, 
Molecular Microbiology, vol. 37, no. 2, 2000, pp. 331-344. 
6 SM Howitt & MK Udvardi, ‘Structure, function and regulation of ammonium transporters in plants’, Biochimica et 
Biophysica Acta: Biomembranes, vol. 1465, no. 1-2, 2000, pp. 152-170. 
7 Gazzarrini et al. 
8 MC Shelden et al., ‘Arabidopsis ammonium transporters, AtAMT1;1 and AtAMT1;2, have different biochemical 
properties and functional roles’, Plant & Soil, vol. 231, no. 1, 2001, pp. 151-160. 
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concentration, but may also assist the specialisation of organelles, cells, tissues 
or organs.9 Roots were found to have the highest transcript levels of 
AtAMT1;1; thus Howitt and Udvardi suggested that a major role of 
AtAMT1;1 may be the uptake of NH4

+ into roots in conditions of low 
extracellular ammonium concentration.10 AtAMT1;3, meanwhile, was 
proposed to be involved in linking the process of nitrogen assimilation with 
carbon metabolism in roots during the diurnal cycle.11 
 
Currently, our knowledge of the AtAMT1;2 protein is still quite limited. So 
far, we know that the AtAMT1;2 protein is a 54.9-kD polypeptide of 512 
amino acids.12 Like AtAMT1;1, AtAMT1;2 is also expressed in plant roots. 
However, it appears to have very different kinetic properties from AtAMT1;1, 
which, as mentioned above, is believed to be responsible for enhanced NH4

+ 
uptake in plant roots under nitrogen starvation. Studies by Shelden et al. 
revealed a biphasic response of AtAMT1;2 to increasing ammonium 
concentrations, a property that has not been found to characterise other AMT 
proteins.13 The function of AtAMT1;2 is still not clear, although it is believed 
to be responsible for constitutive NH4

+ uptake at a wide range of 
concentrations. Previously, AtAMT1;2 was predicted to contain a chloroplast 
transit peptide,14 suggesting that it might function as a plastid ammonium 
transporter.15 However, it was later shown that it does not function as a 
chloroplast transit peptide in vitro.16 
 
Although the physiological function of AtAMT1;2 seems to be appreciably 
different from its homologue AtAMT1;1, the primary protein structures of 
the two proteins are very similar. On the genetic level, AtAMT1;2 is predicted 
to share more than 70% identical amino acids with AtAMT1;1.17 The 
considerable resemblance between the two proteins is highlighted in Figure 2, 
which shows an alignment of amino acid sequences from AtAMT1;1 and 
AtAMT1;2. 
 
                                                 
9 Howitt & Udvardi. 
10 See also Gazzarrini et al. for studies on starvation-induced NH4+ uptake in AtAMT1 homologues. 
11 Howitt & Udvardi ; Gazzarrini et al. 
12 Gazzarrini et al. 
13 Sheldon et al. 
14 MG Claros, S Brunak & G von Heijne, ‘Prediction of N-terminal protein sorting signals’, Current Opinion in 
Structural Biology, vol. 7, no. 3, 1997, pp. 394-398. 
15 Howitt & Udvardi. 
16 Shelden et al. 
17 Howitt & Udvardi. 
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Based on this similarity in the amino acid sequence between the two related 
proteins, the Howitt laboratory constructed 12 chimera proteins consisting of 
various regions from AtAMT1;1 and AtAMT1;2, one of which consisted 
predominantly of one parent protein but included the carboxyl-terminal 
sequence from the other protein. The functional characterisation of this 
chimera showed drastically reduced transport activity for MA, indicating that 
the C-terminal tail may be important in the function of AtAMT1 proteins. 
The importance of the tail in protein functionality has also been 
demonstrated by various research groups in other members of the AMT 
family. For example, studies on the ammonium transporter (AmtB) in E. coli 
by Thomas, Mullins and Merrick showed that the addition of other protein 
domains to the C-terminus of AmtB abolished its activity, while the complete 
removal of the C-terminal tail significantly reduced the protein’s activity.18 
Since the C-terminus of AmtB consists of 32 residues that are conserved in all 
Amt proteins,19 these results suggest that the C-terminal tail is essential for 
AMT protein function. 
 
Another experiment was completed by Ludewig et al. on the tomato 
ammonium transporter LeAMT1;1,20 which is believed to be very closely 
related to AtAMT1;2. They showed that a single point mutation (G458D) in 
the cytosolic C terminus of LeAMT1;1 causes loss of function of the 
transporter.21 Again, this provides strong evidence to support the importance 
of the C-terminal tail for AMT proteins. Ludewig et al. also proposed that the 
C-terminal tail in the LeAmt1 proteins serves an essential role in homo-
oligomerisation and hetero-oligomerisation between homologues, a 
mechanism believed to be relevant for regulation of ammonium uptake. 
 
The analysis of the cytoplasmic face of AmtB by Thomas, Mullins and 
Merrick showed ‘a marked complementarity of charge distribution’ between 
the positively-charged cytoplasmic loops and the negatively-charged C-

                                                 
18 Thomas, Mullins & Merrick. 
19 ibid. 
20 For a characterisation of this transporter, see U Ludewig, N von Wirén & WB Frommer, ‘Uniport of NH4+ by 
the root hair plasma membrane ammonium transporter LeAMT1;1’, Journal of Biological Chemistry, vol. 277, no. 16, 
2002, pp. 13548-13555. 
21 U Ludewig et al., ‘Homo- and hetero-oligomerisation of ammonium transporter-1 NH4+ uniporters’, Journal of 
Biological Chemistry, vol. 278, no. 46, 2003, pp. 45603-45610. 
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terminal tail.22 This may indicate the possible role of the C-terminal tail in 
electrostatically interacting with the cytoplasmic face of the protein and 
thereby influencing the protein conformation.23 However, plant ammonium 
transporters have a short sequence of about 25 extra amino acids in addition 
to the highly conserved 32 residues present in the AmtB C-terminus. Further 
analysis of charge distribution is required to see if the C-terminal tail in plant 
AMT1 proteins would work in a similar fashion as is predicted in AmtB. 
 
Another possible function of the C-terminal tail was proposed by Javelle et al. 
They studied the post-translational regulation of the activity of the AMT 
protein by investigating the physical interaction between AmtB and a PII 
protein (GlnK) in a signal transduction cascade, and speculated that the 
cytosolic C-terminal tail of AMT proteins might be important in interacting 
with different cytoplasmic regulatory proteins.24 
 
This Advanced Studies Course (ASC) focused on investigating the structure 
and function of the less studied AtAMT1;2 protein – in particular, the 
function of its C-terminal tail. As mentioned above, Figure 2 shows the 
amino acid alignment of the C-terminal tails of the AtAMT1;1 and AtAMT1;2 
proteins. The first 32 amino acids in the C-terminal region are shown to be 
highly conserved while the rest of the sequence is more variable. One aspect 
of this ASC was to investigate the effect of losing the non-served residues in 
the C-terminal tail of AtAMT1;2 on the function of the protein by generating 
a mutant lacking the last few residues of the C-terminal tail (truncated at R504 
by a stop codon) and a mutant lacking almost all the non-conserved residues 
of the C-terminal tail (STOP at D486). The other aspect was to study the 
protein expression of the mutants within a cell. If the mutants were not 
expressed, then the protein trafficking could be studied by locating the 
mutant proteins in the cell. 
 
In summary, the two aims of the ASC were: firstly to characterise the 
functional region of the C-terminus of AtAMT1;2 by introducing stop codons 
to prematurely truncate the C-terminal tail to various extents; and secondly, if 
AtAMT1;2 mutants were obtained, to study the protein trafficking and 
expression within these individuals. 
                                                 
22 Thomas, Mullins & Merrick, p. 339. 
23 ibid. 
24 A Javelle et al., ‘Ammonium sensing in Escherichia coli’, Journal of Biological Chemistry, vol. 279, no. 10, 2004, pp. 8530-
8538. 
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Figure 1: Predicted topological model of plant AMT proteins by GH Thomas, JGL 
Mullins and M Merrick  
The AMT1 proteins are predicted to contain 11 transmembrane helices spanning the plasma 
membrane with an extracytoplasmic amino terminus and a cytoplasmic carboxyl terminus. 
(Figure adapted from Fig. 6 in Thomas, Mullins & Merrick, p. 337) 
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Figure 2: The amino acid sequence alignment of the C-termini of ammonium 
transport proteins AtAMT1;1 and AtAMT1;2. 
Conserved and semi-conserved residues are highlighted in black; charged residues located 
within putative transmembrane helices are a light grey. The first 32 residues in the C-terminal 
tails of AtAMT1;1 and AtAMT1;2 are highly conserved. Two stop codons were introduced: 
at D486, where the conserved sequence ends; and at R504, after which no conserved residues 
are present. Figure provided by Catherine Dugard; amino acid sequences aligned using 
ClustalW. 
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MATERIALS AND METHODS25 
 
PART I: SITE-DIRECTED MUTAGENESIS TO PREMATURELY TRUNCATE THE C-
TERMINUS IN ATAMT1;2 
 
1.1  DNA purification 
 
The wild-type AtAMT1;2 plasmid was carried in Escherichia coli. After 
incubating the E. coli liquid cultures, the plasmid DNA was isolated and 
purified using the QIAprep Spin Miniprep Kit. 
 
1.2  Site-directed mutagenesis 

Site-directed mutagenesis was performed using the QuikChange™ Site-
Directed Mutagenesis Kit. Two reactions of different template concentrations 
were set up to achieve better efficiency in generating mutants. Table 1 shows 
the primers used for the mutagenesis reactions. The mutated plasmid was 
then transformed into XL1-Blue ultracompetent E. coli cells. 
 
1.3  Bacteria transformation and colony selection 
 
The mutagenesis products were added to XL1-Blue ultracompetent E. coli 
cells that had been thawed on ice. The bacteria cell solutions were heat pulsed 
at 42°C for 45 sec and then incubated in Luria Bertani broth (LB) at 37°C for 
recovery. The transformed E. coli cells were then pelleted in a centrifuge and 
resuspended in LB. The cells were plated on LB-ampicillin agar plates, and 
the plates were incubated at 37°C overnight. 
 
The wild-type AtAMT1;2 plasmid was generated by ligating the AtAMT1;2 
cDNA into a pYES3 vector which was modified from pYES2 by substituting 
the KpnI restriction site with a SalI restriction site. This vector (and thus the 
mutated plasmid) contains an ampicillin resistance gene, while the E. coli cells 
used for transformation were ampicillin sensitive. This allowed the 
transformed E. coli cells to be selected on the ampicillin agar plates: cells that 
had been successfully transformed survived while cells that had not been 
transformed were killed by the antibiotic. 

                                                 
25 Refer to Sambrook, J & DW Russell, Molecular cloning: A laboratory manual, 3rd edn, 3 vols, Cold Spring Harbor 
Laboratory Press, Cold Spring Harbor, New York, 2001, for a full description of all methods and techniques. 
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1.4  Restriction enzyme digestion and gel electrophoresis of DNA samples 
 
DNA gel electrophoresis was regularly used during this project to check 
various sizes of DNA: for instance, following restriction enzyme digestion of 
the purified plasmid DNA to determine if the plasmid was the correct one. 
The gel contained 0.4g agarose in 50ml of TAEx1 buffer. Each gel was run at 
80mV in 1xTAE buffer and stained with ethidium bromide for visualisation 
under UV. Typically, the DNA samples for electrophoresis were prepared by 
mixing 5µl of DNA and 2µl of SDS loading dye. The first well was always 
loaded with 8-10µl of GeneRuler™ 1kb DNA sizemarkers. 
 
PART II: CONSTRUCTION OF AN HA-TAGGED ATAMT1;2 
 
2.1  PCR-based addition of HA tag 
 
A nine-amino-acid peptide from the haemagglutinin molecule (the HA tag) 
was fused to the AtAMT1;2 cDNA using the Expand™ High Fidelity PCR 
System. (See Figure 3.) As with mutagenesis, two reactions of different 
concentrations were set up to obtain higher efficiency. The 03.39/03.40 
primers (Table 2) were used for the mutagenesis reactions. The PCR reaction 
product was cleaned up using QIAquik PCR Clean-up Kit. 
 
2.2  Restriction enzyme digestion of the PCR product 
 
The PCR product containing the HA-tagged AtAMT1;2 was first checked on 
a gel to confirm the presence of the HA tag and then digested with XbaI and 
EcoRI restriction enzymes. 
 
2.3  Ligation of HA-tagged AtAMT1;2 into pYES3 
 
Before the ligation reaction, the digestion product was cleaned up using the 
QIAquik PCR Clean-up Kit as in 2.1. The cleaned-up product contained the 
HA-tagged AtAMT1;2 cDNA and was ligated into the pYES3 vector cut with 
XbaI/EcoRI. Control reactions without the ligase were also set up, and all 
reactions were incubated at room temperature overnight. The ligation product 
was transformed into E. coli cells using the same method described in 1.3. 
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2.4  Yeast transformation and colony selection 
 
The E. coli colonies obtained on the ampicillin-LB plates were streaked out 
and the plasmid DNA was purified using the method described in 1.1. The 
AtAMT1;2/HA plasmid was then transformed into a Saccharomyces cerevisiae 
yeast strain using the LiAc TRAFO high efficiency yeast transformation 
method.26 The transformation reaction was plated on the YNB/Pro/Glu 
media and the plates were incubated at 30°C for four days. 
 
The yeast strain used for transformation is a ura3- mutant, so the cells cannot 
survive without an external uracil source. The pYES3 vector contains the 
URA3 selectable marker, allowing only the transformed cells to grow on 
medium lacking uracil. 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
                                                 
26 For full procedure, see Koshland Lab, ‘LiAc/SS-DNA/PEG transformation’, an online protocol, Carnegie 
Institution Department of Embryology, viewed 21 September 2005, 
<http://www.ciwemb.edu/labs/koshland/Protocols/YEAST/LiAc.html>. 
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RESULTS 
 
PART I: SITE-DIRECTED MUTAGENESIS TO PREMATURELY TRUNCATE THE C-
TERMINUS IN ATAMT1;2 
 
The site-directed mutagenesis method was used to generate two AtAMT1;2 
mutants. The first mutant had its C-terminus truncated at R504 (see Figure 2), 
which would cause it only to lose the last few non-conserved residues of the 
C-terminal tail. The second mutant had its C-terminus truncated at D486 
where most of its non-conserved residues were lost (see Figure 2). In both 
cases, the two amino acids indicated above were point-mutated into a stop 
codon. The results of this part of the ASC are described as below. 
 
The AtAMT1;2 cDNA had previously been cloned into a yeast expression 
vector. The plasmid was then isolated and purified (Materials & Methods 1.1) 
to be used as a template for mutagenesis. A stop codon at R504 (see Table 1) 
in the C-terminal tail of AtAMT1;2 was first introduced by setting up two 
mutagenesis reactions of different template concentrations (Materials & 
Method 1.2). But when the PCR products were transformed into the ‘XL-1 
blue’ ultracompetent E. coli cells, no colonies were obtained on the ampicillin 
selection plates. This was thought to be quite unusual because the 
mutagenesis kit we used claimed to be able to generate mutants with greater 
than 80% efficiency, and for mutagenesis reactions only a few mutants were 
required to successfully transform the ultracompetent E. coli cells. 
 
One possibility that would have prevented the mutagenesis reaction from 
proceeding correctly was an insufficiency of the template DNA. It was 
possible that the template concentration was too low due to a low yield of 
plasmid DNA from the miniprep. The primers were not thought to be a 
problem since they were used in excess to the template. It was also possible 
that the template itself was incorrect (i.e. that it was not AtAMT1;2) so that 
the mutants could not be generated. In order to check those possibilities, we 
set up an EcoRI/XbaI digestion of the purified AtAMT1;2 plasmid and 
checked the undigested template, digested template and the two mutagenesis 
products on a gel (Figure 4). It was expected that the EcoRI/XbaI digest of 
the AtAMT1;2 plasmid would yield two fragments of 1,600bp (AtAMT1;2) 
and 5,900bp (pYES3) (Figure 5a). The corresponding pattern could be seen 
on the gel in lane 6. The plasmid template appeared to be correct. What 
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attracted our attention were the two mutagenesis products (lanes 4 and 5). 
There was no sign of mutated plasmid but only primer dimers at the bottom 
of the gel. This suggested that the primers had not bound to the template, but 
had dimerised. 
 
Therefore, we modified the mutagenesis reaction by increasing the template 
concentration. But once again there were no E. coli colonies on the ampicillin 
plates. On further consideration, it was realised that if the plasmid was from a 
homologue of the AtAMT1 family, it would possibly exhibit an EcoRI/XbaI 
digestion pattern almost indistinguishable on the gel, for all the members in 
the AtAMT1 family are of similar sizes and are 70% identical at the amino 
acid sequence level. Thus the EcoRI/XbaI digestion might not have been a 
good method to determine the plasmid. 
 
Following that thought, we performed another two digestion reactions: one 
with SalI and the other with EcoRI and XhoI. The combination of the 
fragment lengths from these two digestions was believed to be able to 
produce a pattern unique to the AtAMT1;2 plasmid due to the relative 
locations of those restriction sites. A SalI digest would yield three fragments 
of length 200bp, 1,300bp and 6,000bp respectively; an EcoRI/XhoI digest 
would yield two fragments of length 1,200bp and 6,300bp respectively (Figure 
5a). The results from gel electrophoresis clearly showed that the plasmid was 
not AtAMT1;2 since there was no evidence for the occurrence of the 
expected restriction fragments (Figure 6). The most obvious explanation 
would be that the restriction sites did not exist on the plasmid, and therefore 
the plasmid was incorrect. We suspected that the plasmid was in fact 
AtAMT1;1 since the fragment sizes on the two gels were consistent with 
AtAMT1;1, which is of similar size with AtAMT1;2. 
 
We tried another two prepared stocks of liquid E. coli culture which were 
thought to contain the AtAMT1;2 plasmid but they both turned out to be 
incorrect after we checked the plasmid on a gel (data not shown). Later we 
were informed that all the incorrect plasmid we had used was indeed 
AtAMT1;1, as we had surmised earlier. New AtAMT1;2 plasmid was obtained 
from a frozen glycerol stock and two new E. coli liquid cultures were grown. 
The mutagenesis reaction was repeated for the third time. Surprisingly, we still 
didn’t get any colonies from E. coli transformation. 
 



Cross-sections: Volume I 2005 

 

158 

In order to be absolutely certain that the plasmid was not AtAMT1;1 this 
time, we performed an XbaI/PstI digestion of the plasmid. AtAMT1;1 has a 
restriction site for PstI which is absent on AtAMT1;2 (Figure 5b). As a result, 
the XbaI/PstI digest would yield four fragments for AtAMT1;1 and three 
fragments for AtAMT1;2. The results from gel electrophoresis (Figure 7) 
showed that one of the E. coli cultures didn’t contain any plasmid (lanes 3 and 
5); but the other plasmid (lanes 2 and 4) was likely to be correct since it 
showed an XbaI/PstI digest pattern negative for AtAMT1;1 but correct for 
AtAMT1;2. The two fragments in lane 4 were about 3,000bp and 4,500bp in 
size, a result very close to what was expected. Under the UV light, a third 
fragment at the bottom of the gel could be seen but it was too faint to show 
up on the gel photo. From these results we were fairly confident that the 
plasmid was the correct transporter, AtAMT1;2. 
 
We then used this plasmid as the template for two more mutagenesis 
reactions. The previously used 04.01/04.02 primers were used for one 
reaction and for the other, a new pair of oligonucleotide primers— 
03.51/03.52 was used (Table 2). 03.51/03.52 introduces a stop codon at 
D486 in the C-terminus of AtAMT1;2. We attempted this using the new 
primers because previous experience in this laboratory suggested that some 
oligonucleotide primers bind to the template better than the others. 
Nevertheless, in the end we still didn’t succeed in getting any colonies from 
the mutagenesis. 
 
Concurrently, we found that the Pfu enzyme was not performing optimally. It 
seemed that it wasn’t working well because it was from an old stock and had 
possibly suffered some degree of decomposition. New Pfu enzyme was then 
ordered and mutagenesis was repeated. This time we got plenty of colonies 
on the plates. We streaked the E. coli cells out and selected four of the 
colonies to make liquid cultures. The plasmid DNA was purified from the 
cultures and sent for sequencing. Yet the sequencing results indicated that 
none of the colonies contained any mutants: all of them appeared to be the 
wild-type AtAMT1;2. Time constraints prevented us from screening more 
colonies. 
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Figure 3. Construction of an HA-tagged AtAMT1;2 using PCR.  
Step 1: the double-stranded plasmid DNA is denatured. Step 2: the forward primer 03.39 
containing an HA sequence and an EcoRI site anneals to the N-terminus of AtAMT1;2 and is 
extended by Expand DNA polymerase. Step 3: the reverse primer containing an XbaI site 
anneals to the C-terminus of AtAMT1;2 and is extended. Step 4: complementary strands 
associate and an HA-tagged AtAMT1;2 is generated. 

AtAMT1;2 

pYES3 vector

N C 

N C 

N C

HA AtAMT1;2

N C

Step 1:
AtAMT1;2 plasmid DNA 
denatures 

Step 2:
The forward primer with 
an HA sequence and 
EcoRI site anneals to the 
N-terminus of 
AtAMT1;2 and is 
extended 

Step 3:
The reverse primer with 
XbaI site anneals to the 
C-terminus of 
AtAMT1;2 and is 
extended 

Step 4:
The complementary strands 
associate. The new DNA 
contains an HA tag and two 
restriction sites. 
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Figure 4: Sample DNA gel electrophoresis for checking the size of the 
template and the two mutagenesis reactions. 
Lane 1: 1kb DNA size markers;  
Lane 2: the template for mutagenesis;  
Lane 3: plasmid digested with EcoRI/XbaI;  
Lane 4: mutagenesis reaction with low template concentration;  
Lane 5: mutagenesis reaction with high template concentration;  
Lane 6:  same as lane 3. 

1        2       3      4        5        6
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Figure 5: (a) Mock gel showing the expected DNA sizes from different restriction 
digest reactions.  
The relative positions of the DNA segments generated from the restriction digest of the 
AtAMT1;2 plasmid are shown on the mock gel.  
Lane 1: 1kb GeneRuler™ size markers;  
Lane 2: SalI digest;  
Lane 3: EcoRI/XbaI digest;  
Lane 4: EcoRI/XhoI digest.  
(b) Mock gel showing the expected DNA fragments from a PstI/XbaI digest of 
the AtAMT1;1 plasmid and of the AtAMT1;2 plamsid.  
The relative positions of the DNA segments generated from the PstI/XbaI digest of the 
AtAMT1;1 and AtAMT1;2 plasmids are shown on the mock gel.  
Lane 1: 1kb GeneRuler™ size markers;  
Lane 2: DNA bands of AtAMT1;1;  
Lane 3: DNA bands of AtAMT1;2. 
 
 
 
 
 

 1           2            3          4
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Figure 6: Sample DNA gel electrophoresis for checking the correctness of the 
template for mutagenesis. 
Lane 1: 1kb DNA size markers;  
Lane 2: the template for mutagenesis;  
Lane 3: plasmid digested with SalI;  
Lane 4: plasmid digested with EcoRI/XhoI 
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Figure 7: Sample DNA gel electrophoresis for confirming the templates and the 
mutagenesis reaction products. 
Lane 1: size markers;  
Lane 2: the template for mutagenesis from E.coli culture ‘1’;  
Lane 3: the template for mutagenesis from E.coli culture ‘2’;  
Lane 4: plasmid ‘1’ digested with PstI/XbaI;  
Lane 5: plasmid ‘2’ digested with PstI/XbaI;  
Lane 6: mutagenesis reaction ‘1’ with low template concentration;  
Lane 7: mutagenesis reaction ‘1’ with high template concentration;  
Lane 8: mutagenesis reaction ‘2’ with high template concentration  
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Mutation Primer Oligonucleotide Sequence 

04.01  
forward 5’-GACGAAGACTAGGTGTCGACTAAACCA-3’ 

R504 STOP 04.02 
reverse 

5’-TGGTTTAGTCGACACCTAGTCTTC GTC-3’ 

03.51 
forward 

5’-GAGCCTACAAGCTAGAGCTCGACTCCTAC-3’ 
D486 
STOP 03.52 

reverse 
5’-GTAGGAGTCGAGCTCTAGCTTGTAGGCTC-3’ 

 
Table 1: Oligonucleotide sequences of the primer pairs used in site-directed 
mutagenesis reactions of AtAMT1;2. 
The 04.01/04.02 primer pair was designed to generate the TAG stop sequence (point 
mutation) at amino acid position 504 where it was originally an arginine. The 03.51/03.52 
primer pair was designed to introduce a stop codon at amino acid position 486 where it was 
originally an aspartic acid. The mutated bases are underlined. 
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Primer Oligonucleotide Sequence 

03.39-forward 
AtAMT1;2/HA at 
N-terminus with 

EcoRI site 

5’-CTCTGAATTCTCAACATGTACCCATATGACGTAC 
CTGACTATGCAGTCGCGGACACCGCAACC-3’ 

03.40-reverse 
AtAMT1;2 at C-

terminus with XbaI 
site 

5’-CGTTTGGGTCTAGACAATTCTCC-3’ 

 
Table 2: Oligonucleotide sequences of the primer pairs used in constructing an HA-
tagged AtAMT1;2. 
The 03.39 forward primer contains the HA tag sequence with an EcoRI site and is 
complementary to the N-terminus of the AtAMT1;2 cDNA sequence. The 03.40 reverse 
primer contains an XbaI site and is complementary to the C-terminus of AtAMT1;2. 
Therefore, the generated AtAMT1;2/HA DNA segment would have the HA tag sequence at 
the N-terminus of AtAMT1;2. The additional bases added to the wild-type AtAMT1;2 are 
underlined. 
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PART II: CONSTRUCTION OF AN HA-TAGGED ATAMT1;2 
 
After the succession of negative results from mutagenesis, we changed the 
aim of this project into studying the function of AtAMT1;2 in yeast. Ideally, 
we would have used AtAMT1;2 mutants from mutagenesis and studied their 
expression in yeast by locating the proteins within the cell with an antibody 
tag. However, since we hadn’t had any success with mutagenesis, we used 
wild-type AtAMT1;2 instead. The aim was to add a nine-amino-acid tag from 
the haemagglutinin protein (HA) to the wild-type AtAMT1;2 cDNA 
sequence, subclone the constructed HA-tagged AtAMT1;2 into the shuttle 
vector pYES3, and transform the new vector into a S. cerevisiae yeast strain. 
The strategy for constructing the HA-tagged AtAMT1;2 is outlined in Figure 
8. If the vector was successfully transformed into the yeast, the expression of 
AtAMT1;2 and the stages of protein trafficking could then be studied by 
Western blot. 
 
The HA tag was added to AtAMT1;2 (Materials & Methods 2.1) using the 
03.39/03.40 primers (Table 2). Two reactions were set up, one using a low 
template concentration and the other a high template concentration, to 
maximise our results. The PCR products from both reactions showed a size 
consistent with the actual HA/AtAMT1;2 size (~1,600bp). Each of them 
showed up as a band slightly above the 1,500bp size marker on the gel (Figure 
9). This was a good indication that the HA tag had been added to AtAMT1;2. 
 
The two reaction products were combined into one reaction followed by the 
restriction digest with EcoRI and XbaI. The digested product was ligated into 
the pYES3 vector which had been cleaved with the same restriction enzymes 
(the cut vector had been prepared earlier). We then transformed the E. coli 
with the ligation product and incubated the cells on ampicillin selection plates. 
However, we did not obtain any colonies. This told us that there must have 
been some problem with at least one of the restriction enzyme digestion, 
ligation and bacterial transformation stages. 
 
Although previous lab experience told us that only in extremely rare 
conditions would there be problems with the restriction enzymes, we still 
checked the digested PCR product and the cut pYES3 vector on a gel (gel not 
shown). The digested PCR product was of the right size, although it was 
difficult to tell if it had been cut or not. The pYES3 vector was shown to 
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have been cut at least once, because there was no supercoiled plasmid DNA 
evident on the gel, only the band corresponding to the linear piece. 
 
Our major focus was to check for the activity of the DNA ligase. We set up 
four ligation reactions, two of which had the DNA with the vector and the 
ligase but varying in vector concentration; the other two had the vector only 
(with different concentrations) with the ligase. We also set up four control 
reactions identical to the four ligation reactions but without the ligase. We 
loaded a sample from each of those eight reactions onto a gel. The results are 
shown in Figure 10. In lanes 6 and 7, there is clearly evidence for various 
degrees of ligation reactions occurring. This could be ligation between the 
vectors, between the vector and the linear DNA, or between the linear DNA 
pieces. In each case, there could have been two or more fragments ligated 
together end to end and hence explain the multiple bands on the gel. In lanes 
8 and 9, the vector is not visible on the gel, suggesting that vector re-ligation 
might have occurred. It was reasonable to suggest this because the product 
from vector re-ligation would have a lower concentration than the original 
vector concentration, so it would be too faint to be seen on the gel. All this 
evidence showed that the ligase must have been successful. 
 
Therefore, our next step was to repeat the bacteria transformation. We 
transformed a different batch of ultracompetent E. coli cells (in case there had 
been a competency problem with the batch we used earlier) with the four 
ligation reactions and the four controls. Surprisingly, still no colonies were 
present on the plates. This was quite an unusual result because previous lab 
experience told us that with the vector-only reaction, we would normally get 
vector re-ligation and hence E. coli colonies without expression of AtAMT1;2. 
The gel (Figure 9) also supported the suggestion that vector re-ligation may 
have occurred because the band consistent with the cut pYES3 was missing 
in the lanes. The fact that we did not get any colonies on the vector-only 
plates contradicted our prediction. One thing that might have obstructed re-
ligation would be degradation of the sticky ends of the cut vector. The pYES3 
vector we used had been cleaved and frozen a month before. We chose to use 
it because the frozen stock had been used before and was shown to be 
working well. But we cannot rule out the possibility that the vector had 
degraded more significantly by the time we used it. Due to time constraints, 
we could not make new vectors but simply increased the concentration of the 
vector and repeated the ligation for the third time. The results were 
promising: we obtained two colonies. This evidence is also consistent with the 
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hypothesis that the problem had been due to degradation of the cut pYES3 
vector. 
 
We streaked out the two colonies, and isolated and purified their plasmid 
DNA. We did another EcoRI/XbaI digest to confirm that they were not 
vector re-ligation products. One of them was believed to be incorrect since it 
didn’t contain any plasmid DNA (gel picture not shown); the other showed a 
band at ~1,500bp on the gel and was likely to be correct. So we sent the 
DNA purified from the real colony for sequencing. The sequence of the 
DNA from this colony is compared with the wild-type AtAMT1;2 sequence. 
The DNA purified from the bacterial colony clearly shows a short sequence 
(~30 nucleotide long) prior to the AtAMT1;2 cDNA, and this sequence is 
clearly not present in the wild-type AtAMT1;2. Due to limitations of the 
sequencing, the first part of the two sequences (HA/AtAMT1;2 and the wild-
type AtAMT1;2) do not appear to be a perfect match, but as the sequence 
progresses, the matching significantly improves. So although it is hard to 
perfectly align the HA sequence with the 03.39 primer sequence, the two still 
showed adequate resemblance for us to confidently conclude that the HA-
tagged AtAMT1;2 plasmid had been successfully constructed. 
 
The plasmid DNA was then used for the transformation of S. cerevisiae (see 
Materials & Methods 2.5). The transformed yeast cells were grown on 
YNB/PRO/GLU plates for selection (see Materials and Methods 2.5 for the 
selection principle). Unfortunately we did not obtain any yeast colonies. We 
suspected that the liquid yeast culture had not grown very well and that they 
were not competent enough during transformation. Therefore, we repeated 
the process with a new stock of yeast cells with the wild-type AtAMT1;2 
plasmid as a control; yet still we did not get any colonies, even on the control 
plate. We tried a different incubation method to allow the cells an extra 30-
minute growth time before heat shock, because the original method might 
suit some yeast strains but not necessarily others. However, the change of the 
incubation scheme did not make any difference. 
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Figure 8: The strategy of studying structure and function of wild-type AtAMT1;2 by 
constructing the HA-tagged AtAMT1;2 vector. 
An HA tag was first added to AtAMT1;2 using PCR (see Materials and Methods 2.1 and 
Figure 3) followed by digestion of HA/AtAMT1;2 with EcoRI/XbaI. The digested DNA was 
ligated into the pYES vector cleaved with the same restriction enzymes. The new vector was 
transformed into E.coli for amplification. The amplified DNA was then purified and 
transformed into the yeast S.cerevisiae to be expressed. 
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Figure 9: Sample DNA gel electrophoresis for checking the presence of the 
constructed HA/AtAMT1;2. 
Lane 1: 1kb DNA size markers;  
Lane 2: The product from the PCR reaction with low template concentration;  
Lane 3: The product from the PCR reaction with high template concentration 
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Figure 10: Gel photo for checking the DNA ligase activity 
Lane 1: 1kb GeneRuler™ size markers 
Lane 2: HA/AtAMT1;2 + pYES3 (diluted) 
Lane 3: HA/AtAMT1;2 + pYES3(concentrated) 
Lane 4: dH2O + pYES3(diluted) 
Lane 5: dH2O + pYES3 (concentrated) 
Lane 6: HA/AtAMT1;2 + pYES3 (diluted) + ligase 
Lane 7: HA/AtAMT1;2 + pYES3 (concentrated) + ligase 
Lane 8: dH2O + pYES3(diluted) + ligase 
Lane 9: dH2O + pYES3(concentrated) + ligase 
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DISCUSSION 
 
PART I. SITE-DIRECTED MUTAGENESIS 
 
The first object of the ASC was to introduce stop codons to prematurely 
truncate the C-terminal tail of AtAMT1;2 to generate two mutants. One 
would lose the last few non-conserved residues in the C-terminus 
(R504 STOP) while the other would lose almost all the non-conserved 
residues in the C-terminus (D486 STOP). We did not succeed in obtaining 
mutants after a succession of trials. The first problem was the incorrect 
template for site-directed mutagenesis. Yet once that problem was solved, 
there were still no mutants obtained from the mutagenesis reactions. The 
presence of primer dimers on the gel suggested that the primers didn’t bind to 
the template, and the increase in template concentration didn’t seem to help. 
We then tried two sets of primers – 04.01/04.02 for R504/STOP and 
03.51/03.52 for D486/STOP – but neither succeeded in yielding mutants. 
We also tried using new Pfu enzyme for the mutagenesis reactions yet the 
colonies obtained were shown only to be the wild-type AtAMT1;2. Previous 
lab experience told us that with the site-directed mutagenesis kit we used 
there is always incomplete digestion of the template. Therefore, it is not 
unusual to obtain colonies containing the original template. 
 
The possible explanations for lack of mutants could be either that some 
oligonucleotides don’t anneal well to the template, or that the QuikChange™ 
Site-Directed Mutagenesis Kit was not very efficient. Ideally, we could try 
solving this problem by designing new primers that would be longer and 
hence anneal better to the template. However, as we were under much time 
pressure we decided to move on to the second part of the ASC. 
 
PART II. CONSTRUCTION OF AN HA-TAGGED ATAMT1;2 PLASMID 
 
The plan for the second part of the ASC was to study the protein function of 
the two mutants we generated in the first part. Functional characterisation of 
the chimera proteins Howitt laboratory had constructed earlier revealed that 
substitution of only the C-terminal region of the plant ammonium transporter 
had a detrimental effect on the transport activity, a discovery which was also 
made by research groups working on the E. coli ammonium transporter, 
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AmtB.27 The C-terminal tail in AmtB is composed of 32 amino acid residues 
that are highly conserved in all ammonium transporter proteins from yeasts, 
plants and animals.28 In the case of the AtAMT1 superfamily, the C-terminal 
region is extended by up to another 25 residues, yet these extended residues 
are not conserved even among the homologues within the family. We wanted 
to study the protein function of the mutants generated from mutagenesis 
lacking bits of the non-conserved C-terminal sequence. If the mutant proteins 
were functional, we would want to know whether or not their transport 
activity was affected. If the function of the mutant proteins was destroyed, we 
would want to study the protein trafficking, and whether they would be 
retained in the endoplasmic reticulum or transported to the plasma 
membrane but show no transport function themselves. 
 
As was shown in the results section, we managed to construct the HA-tagged 
AtAMT1;2. But the sub-cloning of HA/AtAMT1;2 back into pYES3 was not 
very successful. The transformation was unlikely to be the problem since we 
tried two batches of ultracompetent E. coli cells, and the DNA ligase was 
shown to be active. We therefore suspect that the frozen stock of cut pYES3 
might not have functioned optimally. Ideally, we would have made new 
vector to test the possibility, but due to time constraints we had to move on, 
so we simply increased the vector concentration. It eventually worked and we 
obtained two colonies, one of which, luckily, was shown to be real after 
sequencing. This result also supported our earlier suspicion about the 
degrading sticky ends of pYES3. 
 
However, we experienced great difficulty again when it came to the yeast 
transformation. We attempted changing several parameters of the 
transformation process that might have caused the negative results: we used 
different yeast cultures to ensure cell competency; we tried with different 
incubation method; and we checked plasmid concentration to make sure 
there was enough DNA for transformation. However we still did not get any 
colonies. A later inspection of the solution revealed conspicuous cloudiness, 
which brought to our attention the fact that the single-stranded DNA 
(ssDNA) we used during transformation had agglomerated and lost its 
function as a carrier in the yeast transformation process. ssDNA binds to the 
yeast cell wall first, which prevents the binding of the plasmid to the cell wall 

                                                 
27 Thomas, Mullins & Merrick. 
28 ibid. 
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and makes the entry of the plasmid into the cells easier. As the remaining 
ssDNA concentration in the liquid solution was very low, this could have 
dramatically reduced transformation efficiency, and it is likely to have 
accounted for the difficulty we encountered with transformation. 
 
SUGGESTIONS FOR FUTURE WORK 
 
Since there haven’t been many positive results from this ASC, we would carry 
on with where we stopped due to the time limitation, and hopefully we would 
be able to obtain the positive results we desired. 
 
For the site-directed mutagenesis, we would screen more colonies to 
maximise our chance of finding a mutant. If the result still turns out to be 
negative, we would design new, longer oligonucleotide primers for 
mutagenesis. We could even attempt using other mutagenesis protocols for 
higher efficiency if possible. 
 
For the protein trafficking assay, the first thing we could do in the future 
would be to re-sequence the HA/AMT1;2 construct for the HA sequence, 
because the HA tag sequence from our constructed HA/AtAMT1;2 did not 
turn out to match the HA sequence carried on the forward primer very well. 
For the yeast transformation, we would prepare new ssDNA and try the 
transformation again. 
 
In the future, we hope to be able to obtain AtAMT1;2 mutants from 
mutagenesis. We could add the HA tag to the mutants and express the 
mutants in yeast cells. The study of the protein trafficking inside yeast cells 
involves the following procedures. Firstly, the membranes are fractionated by 
setting up a sucrose gradient to distinguish membranes from endoplasmic 
reticulum, plasma membrane and plastids. Each membrane type would be 
tested for the presence of the mutant AtAMT1;2. The detection of the 
protein can be done by Western Blotting. All the proteins present in the 
membrane are separated using SDS-PAGE and blotted onto a nitrocellulose 
membrane; the membrane is then rinsed with a primary antibody that binds 
to the HA peptide of the mutant AtAMT1;2. This is followed by a further 
rinsing with a secondary enzyme-linked antibody that binds to the primary 
antibody. The secondary antibody is usually conjugated with a colouring or 
fluorescent agent, so that the targeted AtAMT1;2 mutants can be visualised. 
 



Cross-sections: Volume I 2005 

 

176 

Due to the lack of experimental data, we cannot speculate too much at this 
stage, but it might be reasonable to expect that the R504/STOP mutant 
lacking only the last 11 amino acids in the C-terminal tail would show, if not 
all, most of the transport activity, because the amino acids are not conserved 
and the number of residues lost is small. It is harder to make predictions 
about the D486/STOP mutant, but if the results show that this mutant is 
mostly functional, we then would know that the conserved region of the C-
terminus is the essential part for protein function. If the D486/STOP mutant 
shows very little or complete loss of protein function while the R504/STOP 
mutant is functional, we then can characterise the essentiality of single amino 
acids in the C-terminus through point mutation of each target residue using 
mutagenesis. 
 
CONCLUSION 
 
This study on the function analysis of the C-terminus of AtAMT1;2 hasn’t 
effectively provided any evidence for characterising the essential region in the 
C-terminus that is responsible for the functionality of the ammonium 
transporter, as we didn’t have any success with the construction of mutants. 
Nevertheless, this ASC provided an opportunity to learn about manipulation 
and modification of genetic materials, with emphasis on skill learning and 
troubleshooting during site-directed mutagenesis, construction of new DNA 
and sub-cloning. 
 

* * *
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